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Abstract: 
This Transportation Energy Project is comprised of four unique tasks which work within the railroad 
industry to provide solutions in various areas of energy conservation. The NIU Engineering and 
Technology research team examined these areas and provided current solutions which can be used to both 
provide important reduction in energy usage and system efficiency in the given industry. This project also 
sought a mode in which rural and long-distance education could be provided. The information developed 
in each of the following project tasks can be applied to all of the rail companies to assist in developing 
efficiencies. 
 
Energy Reducing Yard Related Decision Issues  
Distribution yards are the nerve center of railroads where several trains with hundreds of railcars arrive 
each day, get served, and depart for their destinations. The design layout of a yard and its operational 
efficiency makes a major impact on the overall cost of freight movements, the travel time of railcars in 
the system, and the capacity of railroads to handle additional freight volume. Yards and their resources 
(crew, cranes, service and operational vehicles, different types of tracks, locomotives, etc.) play a crucial 
role in minimizing the overall cost (or total travel time from origin to destination) for all freight railroad 
carriers. Simulation models are used to estimate the time spent by a train in the yard given the current 
load level, availability of resources and tracks, etc. Through these estimates, appropriate planning assists 
in the optimization of the resources required in this process.  

 
Alternate Fuels   
The railroad industry is looking for a mechanism to provide relief in the area of fuel costs. In this project, 
NIU researchers have developed a small processing plant which utilizes algae in the production of bio-
diesel fuel. The usage of this type of fuel base will provide a suitable bio-diesel product in parts of the 
country where bio-fuels are not available. In addition, the use of algae based bio-fuels is not impacted by 
the use of a food source in this process. This project also provides research on the interaction of bio-fuels 
with engine materials, power production, and associated exhaust gasses/particulates. Through the work 
completed, the NIU research team has developed small quantities of algae based bio-fuels, where the test 
results indicate a good fuel quality, while showing a reduction in the emissions, over the soy-based fuels.  
 
Energy Education  
The research team produced several internet-based courses related to energy and the conservation needs 
in the Midwestern. The NIU College of Engineering and Engineering Technology has developed new 
undergraduate and graduate curriculum in the area of energy and energy conservation, and we have 
created of new on-line learning modules in the energy realm. This allows for the distribution of energy 
education modules to rural areas, and thus expanding the modes of cooperation between the regional 
community colleges and High Schools, as well as four-year Universities. In addition, the department is 
looking at applications-based and experiential-based learning in this area through the usage of laboratory 
experiments and industrial projects.  
 
Energy Storage for Railroad Applications  
Locomotives are used to provide propulsion for the train, as such, the large diesel engines create large 
amounts of energy to accelerate and decelerate the train using traction motors located on the wheels or 
truck assemblies. All of the work done by the traction motors in the deceleration is dissipated in the form 
of heat. This project examined regenerating the energy developed in the braking into stored energy, which 
would be used to accelerate the train when needed. Researchers developed theoretical and experimental 
models to analyze the feasibility of various battery types that can be used in this application. Battery 
energy density, power density, safety, lifetime, and cost have all been considered in this analysis. Thermal 
analysis of the battery configurations were analyzed and simulated using COMSOL.  
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Executive Summary: 
This Transportation Energy Project is comprised of four unique tasks which work within the 
railroad industry to provide solutions in various areas of energy conservation. The NIU 
Engineering and Technology research team examined these areas and provided current solutions 
which can be used to both provide important reduction in energy usage and system efficiency in 
the given industry. This project also sought a mode in which rural and long-distance education 
could be provided. The information developed in each of the following project tasks can be 
applied to all of the rail companies to assist in developing efficiencies. 
 
Energy Reducing Yard Related Decision Issues  
Distribution yards are the nerve center of the railroads, where trains comprised of hundreds of 
railcars arrive each day, get served (e.g., loading, unloading, sorting, inspection, etc.), and depart 
for their destination. Thus, the efficiency of these yards dictate the general efficiency of the 
entire railroad company. There are of three types of yards, namely, industrial yards, side yards, 
and classification yards. Industrial yards are used to distribute railcars to local industries and side 
yards are primarily used for storage of excess cars. The most important of the three yards is the 
classification yard, whose primary function is to receive inbound trains and sort (reclassify) the 
cars into outgoing trains for various destinations. There are two kinds of classification yards: flat 
and hump yards. In a flat yard, locomotive power is used to switch (or sort) cars onto the 
outgoing or classification tracks, whereas, in a hump yard, the force of gravity is used to move 
the cars during the sorting process. The reclassification process is both labor- and capital-
intensive and has the potential to delay the movement of shipments if the process is not efficient.  

The design layout of a yard and its operational efficiency make a threefold impact: the overall 
cost of freight movements, the travel time of railcars in the system, and the capacity of railroads 
to handle additional freight volume. Yards and the resources at the yard (crew, cranes, different 
types of tracks, locomotives, etc.) play a crucial role in minimizing the overall cost (or total 
travel time from origin to destination) for all freight railroad carriers. On average, a typical car 
spends more time in a yard than it does traveling on route. Thus, improving the efficiency of the 
yard operations will greatly contribute to achieving efficiency in the overall freight carrier.  

Within a yard there may be tens of miles of track, hundreds of track switches, and hundreds of 
vehicles and employees. It is therefore important to evaluate a yard for intended performance 
with respect to effectiveness and efficiency. This leads to the requirement of a tool that can 
simulate the yard operations for a given layout and resource pool. Simulation models of a 
classification yard can help decision makers to make several important strategic decisions, 
including but not limited to:  

1. Whether the current practices during the classification process has any inefficiencies:  

a. Identify sources for inefficiencies and try alternative procedures to mitigate 
operational inefficiencies,  

b. Quantify potential costs to be incurred and estimated return on investment.  

2. Evaluate whether the existing capacity (in terms of track geometry, track length, yard 
crew, locomotives, etc.) is sufficient to meet current and forecasted demand.  
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3. What are the best track geometries for different scenarios (e.g. availability of land, 
proximity to other transportation modes, etc.)?  

Through simulation models which have been utilized in this work, the researchers have 
developed an efficiency model which can be applied to rail yards across companies and regions. 
This efficiency will greatly assist the companies in maintaining cost effectiveness in their 
operations.  

Alternate Fuel Project  

In a previous DOE project, NIU was tasked with the development of a supply chain analysis for 
the delivery of bio-diesel from various mid-western supply points to the various depots at which 
a number of railroads could utilize the fuel. This past study examined fueling locations and 
conditions, including safety and storage of the fuels. The issues encountered included engine part 
wear and breakdown due to the solvent nature of the bio-fuel. In addition, the locations at which 
the fuel is produced and where it is typically needed did not coincide, and thus, delivery and life-
span issues arose and were analyzed. This past bio-diesel analysis has helped the NIU 
researchers understand the energy issues and it helped refine the problem. 

As a result of past research, the use of soybean in the bio-fuels development is a major detractor, 
due to its usage in the food supply. As an alternative, the NIU researchers have utilized algae in 
the production of bio-diesel. The usage of this type of fuel base provides an abundant base in all 
regions country. This project conducted research on the development of small scale bio-fuel 
production facilities using algae. The faculty and staff within the college are uniquely qualified 
to take on this development process. This project is researching two different areas: the 
composition and development of small scale bio-fuel production facilities to satisfy the needs of 
individuals and companies in rural communities or in areas that are not located near bio-fuel 
production facilities. In addition, the project looked at usage issues like the interaction of bio-
fuels with engine materials, power production, and exhaust gasses/particulates. The developed 
fuel was tested in the Departmental engine test stand, a three cylinder diesel engine test stand 
that was created to test soy-based bio-fuels in the past project. Based upon the experience of the 
NIU engineering faculty, we compared the various types and mixtures of these fuels to determine 
the efficiencies and pollutants produced during various operating levels. 

Energy Education Project  

This task developed educational courses related to energy and the conservation needs in the 
Midwestern portion of the country. The NIU College of Engineering and Engineering 
Technology has developed new undergraduate and graduate curriculum in the area of energy and 
energy conservation. This funding has allowed for the development of several new courses in the 
energy area. The faculty and staff within the college are uniquely qualified to take on this 
development process. Included in the development process is the creation of new on-line 
learning modules in the energy realm. On-line components were developed for two of these 
courses, thus allowing for the distribution of the energy education to rural areas, and helping to 
expand the modes of cooperation between the regional community colleges and High Schools, as 
well as four-year Universities. In addition, the department is looking at applications-based and 
experiential-based learning in this area through the usage of laboratory experiments and 
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industrial projects. The development focuses on information learned from the current and past 
DOE projects, and it looks at green materials, sustainability, supply chain needs, renewable 
power production, and industrial energy efficiency. The other area which is in need of 
development is a course in bio-based fuels, and the applications and drawbacks; a topic area 
which is being included in the courses developed. Through this funding, the college will develop 
novel on-line courses for the energy education programs within the Departments of Technology 
and Industrial and Systems Engineering.  

Energy Storage for Railroad Applications  

Railroad locomotives are used to provide propulsion for the train, as such, the large diesel 
engines create large amounts of energy to accelerate the train using traction motors located on 
the wheels or truck assemblies. These traction motors are also used to slow the vehicle down in 
the deceleration phase, and currently, all of the work done by the traction motors in the 
deceleration is dissipated in the form of heat. This project provides research into the modes of 
regenerating the energy developed in the braking in the form of stored energy which can be used 
to accelerate the train when needed. This stored energy can assist the engine to work more 
efficiently. The NIU researchers preformed a feasibility analysis for various battery types that 
can be used in road locomotive applications. Battery energy density, power density, safety, 
lifetime, and cost were all considered in this analysis. Various road locomotive duty cycles were 
developed and utilized in the analysis process. This work substantially influenced the optimal 
performance of the battery in addition to the fuel savings that could be realized using a hybrid 
design. Once the feasibility analysis was completed, combined electrochemical and thermal 
analysis of several battery configurations was undertaken. The research team used the 
multiphysics simulation code COMSOL to perform an analysis to understand the thermal 
management requirements for the batteries under a variety of ambient conditions. In addition an 
experimental test facility was fabricated to evaluate the thermal performance of the various 
battery cells during charging and discharging and to validate the computer model which was 
used in the analysis. The NIU research team also examined the control systems needed to 
implement this type of hybrid power storage in a current locomotive system. 
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2 - Energy Reducing Yard Related Decision Issues (Task 2)  
 

Research Personnel  
Dr. Reinaldo Moraga, Ph.D. (Task leader) –Industrial and Systems Engineering  
Dr. Purush Damodaran, Ph.D. – Industrial and Systems Engineering  

 Dr. Sukgon Kim, Ph.D. – Industrial and Systems Engineering  
 
Between the 1830’s and the 1860’s there was an enormous boom of railroad building in the 
United States of America. It was estimated that about 90% of all commerce between the West 
and the East was moved by the railroad [Lin, 2009]. This was possible due to its ability to carry 
large amounts of freight at a relative low cost. According to U.S. Department of Energy data, 
Railroad is 20 percent more efficient than domestic airline travel and 28 percent more efficient 
than auto travel on a per passenger mile basis. 
  
Railway Age magazine reports that in 1980, U.S. railroads moved a ton of freight an average of 
235 miles per gallon of fuel. Whereas in 2002, the comparable figure was 404 miles per gallon of 
fuel which is a 72 percent increase. The U.S. Environmental Protection Agency (EPA) also 
reports that for every ton-mile, a truck emits roughly three times more nitrogen oxides and 
particulates than a locomotive. In addition the environmental benefits the railroad system 
significantly alleviate highway congestion. With the vast amount of interconnected networks that 
the railroad system was and currently is, many problems have risen in an effort to stay 
competitive. With all the benefits mentioned, the railroad system has seen rigorous competition 
from the trucking industry. The trucking industry became popular at the turn of the century and 
since then the railroad has been forced to reduce their freight charges to stay in business. Even 
though other means of transportation have become available the railroad system continues to be 
an enormous asset to the American transportation. In order to remain competitive the railroad 
system must run smarter, leaner, and more efficient, both from the management and energy 
perspective. The purpose of this study is to investigate major studies to make the railroad system 
more fuel efficient and environmentally friendly, and highlight some of recent studies and 
directions identified in the literature. 
 
Three areas which are under study in this research are, yard management, yard location, and fleet 
size. Yard management is the most critical operation of the railroad system. Yard management 
operations consist of inspecting the rail cars upon arrival, classification, and distribution of rail 
cars. The classification process has been noted to be bottleneck in the railroad system. The 
bottleneck in the classification process limits the efficiency of the railroad system. Much of the 
research consisting of improving the railroad system focuses on improving yard management 
operations. The second main topic considered in this research involves the strategic location of 
the classification yard. Yard location is as critical as the yard operations itself. As traffic patterns 
change in the railroad system some yards get more use than others. Management needs to make a 
decision as to where to open new yards, close yards that are used less frequently, or upgrade 
current yards. Yard location or modification requires a large capital investment, so close 
examination of the different factors must be considered. The last main topic covered in this paper 
involves the fleet size. It is important for the railroad system to have the appropriate amount of 
rail cars to meet customer demand [Kuo, (2007) and Sayarshad, (2010)]. Having excess amounts 
of rail cars results in underutilization and increased maintenance expenses. Given the vast 



 
 

9 

complexity of railroad system many approaches have been considered in an effort to making the 
railroad more efficiently. Many of the approaches have been used in the improvement of the 
various facets of the railroad system which are mentioned throughout the report.  
 
2.1 - Yard Management 
 
• Rail yard operations 

The railroad system is the most fuel efficient and environmentally friendly mode of freight 
transportation. The railroad system operations are performed over a rail network that includes 
yards for train formation, many small stations for secondary operations of trains and freight cars, 
a set of primary and secondary rail lines and a set of junction points. Rail yard operations are at 
the heart of ensuring timely, efficient and correct freight delivery. The efficiency of the railroad 
system is directly related to the performance of the railroad operations. The major operation of a 
yard facility is to sort or classify incoming trains or blocks of cars into appropriate marshaling 
blocks on the classification tracks, and to reassemble there blocks into outbound trains (Petersen, 
1977a). Rail cars arrive to the rail yard via a receiving lane, at the same time they receive an 
inbound inspection. The purpose of the inbound inspection is to ensure the cars arrived in safe 
operation and to identify cars which may need maintenance. After the inspection the rail cars are 
then moved to the classification yard. Once in the classification yard, cars that carry animal or 
refrigerated good are moved to separate location to be handled appropriately. There are two ways 
in which the trains can be sorted; they can be sorted using a hump yard or flat yard. In the flat 
yard an engine car is used to separate and sort the cars in the different lanes. This type of yard 
was commonly used in the early 20th century and currently it is used in smaller yards. The other 
way to classify cars is through the use of a hump yard. Their dominant feature is the efficiency 
with which the classification operation is performed (Petersen, et. al). The hump yard is 
composed of an artificial hill or small elevation, a system of switches, and tracks. After the rail 
cars have passed through the inbound inspection a train pushes the cars over the hump and the 
main control tower operates the switches to sort and build trains according to various categories. 
Within the rail system the single most complex operation occurs in the classification yard. The 
classification process is the most important because the performance of this process directly 
impacts the whole railroad system. Improving the efficiency of the classification yard has been 
one the major focus in railroad engineering research (RSMA, 1967).  

• Classification process as a Bottleneck 

 
Many researchers have concluded that about 60% to 70% of the total travel time the rail car is 
spent in the classification yard [Logan 2006]. Given the previous numbers, one can determine 
that the classification yard is certainly a bottleneck. This indicates that the system is only as good 
as the throughput rate. As in the manufacturing setting, improving bottlenecks improves the 
overall performance of the system. To make the railroad system more reliable a focus must be 
placed in reducing the time a rail car is spent in the classification yard. On average a train spends 
65 minutes in the pre-inspection queue, takes 71 minutes to be inspected, and spends 160 
minutes in the pre-classification queue. Classification only takes 25 minutes per train 
[Dirnberger, 2006]. The rest of the time the rail car is spent waiting.  
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To address the lack of efficiency on the classification yard [Crane 1955] considered waiting time 
as the major factor contributing to low utilization of freight cars. He saw the total time spent by a 
car in a classification yard consists of two parts; the time elapsed from the arrival of the car at the 
yard until classification is completed, and the time from the completion of classification until the 
car leaves in an outgoing train. He solved the issue by explaining the fact that, although a train 
takes an average of only 25 minutes to be classified once classification commences, 
classification cannot be started until a switch engine is in place to push the train over the hump. 
It was found that a switch engine could not only be used to push trains over the hump, but also 
for other jobs around the classification yard. Besides delay time, it was proposed [Dirnberger, 
2007] that network efficiency is also affected in the terminal performance of the classification 
yard. Better performance of terminals result in more efficient railroad networks. It is mainly 
affected because of many factors. It was also proposed [Jeremiah, 2007] that the first factor 
called as dwelling time which is the time taken for cargo to remain in the terminals. Other factors 
which obtain are: effecting speed or throughput (i.e., time taken for loading and unloading the 
inbound and outbound trains), demands are not met (i.e., building outbound trains, breaking 
down inbound trains, classifying inbound cars for assignment to outbound trains, providing 
facilities for refueling, crew change and maintenance functions), service quality and over-the 
road operations (i.e., railroads need to ensure reliable train connections and adequate terminal 
capacity to meet the logistics requirements of shippers).  
 
• Lean Manufacturing Applied to Rail Yard Management 

The core idea of Lean Manufacturing is to maximize customer value while minimizing waste. In 
essence, lean was designed to create more value for customers with fewer resources. Toyota 
Production System (TPS) which is the foundation to most of the Lean production movement has 
dominated manufacturing trends [Liker, 2004]. Another researcher [Dirnberger, 2006] used lean 
manufacturing techniques such as value stream mapping to identify the items in the railroad 
system that should be addressed which are causing waste system. Some of the items include; 
instantaneous delivery of the exact number and type of empty, clean and defect-free railcars 
specified when ordered. Furthermore, lean manufacturing techniques were utilized to identify 
possible process bottlenecks [Dirnberger, 2006]. They also concluded that minimizing the 
wasteful factors had a direct relationship in reducing the bottleneck. The increase in throughput 
of cars was also another positive benefit that was gathered from the reduction of waste. This 
indicates that Lean Railroading can be used to identify potential bottlenecks and to find solutions 
to problems. Additional research [Schlake, 2011] was used to further explains the benefits of 
using Lean Manufacturing techniques in the railroad system, where their research differs from 
that of Dirnberger in term of specific use, and they consider using Lean Manufacturing 
techniques to inspect of the railcar. Given that the major focus of Lean Manufacturing is to 
reduce non value activities (waste). They focuses on reducing non value added activities in the 
inspection process through the use of technology. As technology becomes more advance it is 
important to consider possible locations in the railroad system to be implemented. Lean 
Manufacturing techniques are an excellent tool to identify possible bottlenecks and non-value 
added activities. Once those activities have been identified other tools such as queuing analytical 
models must be used to solve complex problems. 
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• Queuing Analytical Models 

In addition to the application of lean manufacturing techniques applied to the railroad system, 
queuing analytical models are a separate approach as a possible tool and solution to increasing 
the efficiency of the railroad system. Early research into the use of queuing theory applied to the 
railroad system [Crane et al., 1955] application was conducted in 1955, and it presented the 
queuing processes identified in inspection and classification operation. Further research in 
queuing modeling [Mansfield and Wein, 1958] created a simple model to determine a suitable 
location for a classification yard. A more detailed analysis of rail yard operations was performed 
by Petersen [1977], who developed queuing models to represent the classification of incoming 
traffic and the assembly of outbound trains. The models were developed to compute the 
probability distribution of connection times for various levels of traffic given known service 
times. Turnquist and Daskin [1982] modeled yard operations from the perspective of freight cars, 
rather than from the perspective of trains. They thus developed queuing models for classification 
and connection delays that consider individual cars as the basic units of arrival. Their approach 
also differs from that of Petersen in the sense that connection to an outbound train and assembly 
are treated as a single operation. Martland [1982] created a queuing model which described a 
methodology for estimating the total connection time of cars passing through a classification 
yard. The model is based on a function, calibrated using actual data from the railroad that relates 
the probability of making a particular train connection to the time available to make that 
connection and other variables such as traffic priority and volume. Avramovic [1995] modeled 
the physical process of cars moving down the hump of a yard. This process is represented by a 
system of differential equations that incorporate several factors, such as hump profile and rolling 
resistance, affecting the movement of a car. The model can be used in the design of a hump yard 
and evaluate the strength of track retarders that regulate the speed of cars. Queuing theory has 
been shown to be flexible in terms of being able to be used in a manufacturing setting as well as 
in classification terminal operations. Petersen [1977] and Turnquist and Daskin [1982] used 
queuing theory to model throughput rates and classification and connection delays. The queuing 
models proposed by the previous researchers have allowed us to understand the complexity of 
the basic operations of the classification yard. Given the current complexity of the models, such 
models are not very user friendly as a front end management support tool. 
 
• Simulation Models 

Simulation is an additional tool that may be used the railroad industry to assist in predicting the 
behavior of the rail system given different scenarios. Given the complexity of the rail system 
network and the more specifically the yard management operations, simulation has become a 
viable alternative to model such complexities. Mathematical optimization methods provide 
limited real world application since it is currently difficult to approximate a complex yard 
problem. Mathematical methods combined with computer simulation models offers a flexible 
and credible technique to identify opportunities for yard performance improvement [Lin, 2009]. 
Yardsim is simulation model which consists of a rail yard simulator, a set of support 
applications, and libraries to help develop and assemble different components of a simulation 
model. Figure 2.1 below indicates the typical inputs and outputs of a rail yard simulation model. 
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Figure 2.1 - Rail yard simulator [Lin, 2009] 

 
Yardsim has been proven to be an effective process optimization tool in the railroad industry. Its 
capability allows the user to input various rail yard layouts, operating policies and strategies, and 
resource allocation levels. The flexibility of current simulation software allows users to create 
"what if" scenarios to maximize the productivity of the rail operations. In addition the benefits 
mentioned earlier, it can also be implemented as a front end management tool to make strategic 
decisions on the operation. 
 
Bontempi [1996] improved the management of intermodal container terminals with a simulation 
model which generates efficient policies for storage, resource allocation and scheduling. By 
using a simulation model, Sinay [2000] evaluated the logistic of railroad yard to establish its 
capacity in terms of wagons attended by periods of time, pointing out the bottlenecks which are 
treated. However, Lin [2009] improved the operation of yard by correlating efficient movements 
of cars in the yard and also by giving limited resources (such as track capacities, switch crews, 
switch locomotives, car inspectors), traffic priorities and appropriate train schedules. It is 
therefore important to evaluate yard performance with respect to effectiveness and efficiency. 
 
• Yard Location 

When the railroad first began most of the classification yards were placed near cities since that’s 
were all the rail traffic and collected and distributed. There was little thought into the location of 
such rail yards since there was no freight transportation competition. As rail traffic increased in 
the early 20th century there was a need to increase the efficiency of the railroad system. There are 
two ways to improve the efficiency of the yard location; build new yards or improve current 
yards. One of the early ways to improve the efficiency of the classification yards was to 
transform current flat yards into hump yards. The question becomes where to place a 
classification yard or where to update a current classification yard (flat to hump). Mansfield and 
Wein [1958] conducted some of the earliest research to determine the appropriate location of a 
classification yard, using queuing models. They created mathematical model consisting a simple 



 
 

13 

comparison of the total costs of accommodating the given traffic flow when different 
assumptions were made about the location of the new yard. The mentioned researchers consider 
to best location to transform a flat yard into an automatic yard (hump yard). Racunica and 
Wynter [2005] proposed a model to determine the proper location of a hub and spoke yard 
location. Their optimization model was able to determine the optimal location of a hub and spoke 
yard location and determine its usage levels. One of the most recent studies in yard location was 
conducted [Tang et. al., 2006]  where the authors also included a model to determine which yard 
to increase yard capacity. Given that the classification yard is the central network of the railroad 
system, the strategic location of the yard is as important as the yard itself.  
 
The decision of selecting yard locations raises the following questions: 
 

• Which locations can be considered as the potential origin and destination yards? 
• Which origins can be grouped for a particular origin yard? 
• Which destinations can be grouped for a particular destination yard? 
• How should the routes be oriented? 
• How many yards are necessary to minimize the overall cost of operation? 

 
The evaluation of alternative locations for an automatic classification yards has become an 
important problem for railroad management. Hence, the decision to install such a yard and the 
question regarding its location merit considerable thought and attention.  
 
• Fleet Size 

Fleet size in the rail system plays in an important role in various ways. The rail network must 
have the proper amount of the cars to be able to meet the demand of the customer. Failure to 
meet the demand of the customer can result in losing a possible income potential. One the other 
hand having an excess of cars will result in an unnecessary maintenance expense. Hence it is 
critical to ensure that a proper fleet size is maintained at all nodes in of the system to minimize 
waste. Optimizing the fleet size capacity may increase the circulation of carrying people and 
goods. Higginson and Bookbinder [1990], makes a point to incorporate Just-in-Time (JIT) 
manufacturing techniques to make the rail and the rail fleet size more efficient. JIT consists of 
getting the products to their destination at the right time with very little variation. Determining 
the optimal size of the fleet must be determined to meet customer demand, while taking in 
consideration of the cost of owning and operating cars. Sayarshad and Ghoseiri [2009] created a 
mathematical model which focuses on the interaction between fleet size, rail-car allocation, and 
utilization decisions. The Sayarshad and Ghoseiri model was also used to answer several 
questions such as how railcar pools should be located and distributed, how large these pools 
should be at any given time, and how rail cars should be allocated between loaded movement 
and empty movement, and rail car pools. Reduced cost resulting from a better utilization of cars 
is an important step towards a higher profitability of railroad companies. Most recently 
Sayarshad et. al. [2010], proposed a novel three-objective mathematical model and a solution 
procedure for optimizing fleet planning. Their model has the ability to optimize the fleet size and 
the allocation of rail car simultaneous.  
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Yard Management Conclusions 
 
The railroad system plays an important role in the nation’s economy as a mainstay of 
transportation for many basic industries. We focused on the three main problems of the railroad 
system; Yard management, Yard Location and Fleet sizing. We emphasized the yard 
management area with detailed explanations of operations and studies done so far and 
highlighted some techniques, such as Lean manufacturing, queuing models and simulation 
techniques, that have been used to improve yard operations as bottleneck. We also identified 
recently studies and progresses regarding yard location and fleet sizing problems. 
 
Through the investigation, we found that although the railroad business have not seen much 
developments and changes in terms of transportation technique and ways to delivering freights, it 
is still promising and competitive business as demands and requirements for energy efficiency 
and environmental friendliness increase. We also found that there are increasing demands for 
Industrial engineers’ attentions to improve business, and lots of areas and issues that have not 
been fully investigated and analyzed. 
 
A short list of the further study is the following: 
 

- How to efficiently organize multiple railroad yards to facilitate management of each yard. 
- Reducing dwelling time in yard management has been all time issue. There is lack of 

study regarding combing location problem with dwelling time. Locating yard stations to 
minimize local and overall dwelling time can be a critical topic. 

- More active simulation studies are required that covers not only a single yard, but whole 
railroad system. 
 

2.2 - Optimization in a Rail Yard 
 
With the ever increasing demand cargo rail shipments, it has become imperative to run the rail 
service and operate the rail yards efficiently to minimize the workforce and losses incurred due 
to delayed shipment. The whole process of disassembling the incoming trains, swapping the 
blocks and then making them into an outbound train involves great deal of scheduling. "The 
wagons or blocks are moved individually or in a block using some dedicated locomotives called 
switch engines. The decision of which switch engine will move which switch order and the 
sequence it will follow is a complex scheduling problem” [Sabino et al., 2006].  Schedules are 
made to determine the hump sequence, departure of outbound trains etc. 
 
Objective and scope 
 
At present, most of the yard related planning is done manually. To equip the management with 
computer based decision support systems based on optimization techniques would be a great step 
forward.  
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The scope of the project is constrained by some assumptions. 
 

1. All the jobs (or switch orders) are available at time zero. 
2. Job and machine/operator parameters are given. Processing time set up time etc. 
3. There is no precedence relationship between the jobs and they can be processed in any 

order possible. 
4. Job preemptions are not allowed. A switch engine or an operator has to complete the job 

before moving onto the next one. 
 
Problem Description 
 
Given a set J of n jobs and set M of k unrelated machines in parallel, the objective is to determine 
which jobs should be processed on each machine and in what sequence so that the completion 
time of the last job or the makespan is minimized. The processing time (Pjk) of job j on machine 
k is given. Each machine can process exactly one job at a time. Each job should be processed on 
exactly one machine. After completing a job, the machine needs to be setup for the next job. The 
setup time (Sijk) needed on machine k between two successive jobs i and j is given. Using the 
three field notation commonly used in scheduling literature the problem under study can be 
represented as Rm | Sjk | Cmax. The problem under study is illustrated through a six job and two 
machine examples (see Figure 2.1).  Let Tijk be the time taken by machine k to process job j 
immediately after job i. Tijk is the sum of the setup time required to setup job j immediately after 
job i and the processing time of job j on machine k (i.e. Tijk = Sijk + Pjk).  
 
 
 
 
 
 
 
 
 
 
 

 
 
 

Figure 2.2 - Two operators making a train block 
 

Tables 2.1 and 2.2 show the time taken 1to add and stock a wagon by the two operators 
respectively.  = 179, and refers to the time taken by operator 1 to connect & stock wagon 5 
next to wagon 1. 

 
 
 
 

3 1 5 

4 6 2 

Operator 1 

Operator 2 
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Table 2.1 - Time taken by operator 1 to connect & stock a wagon 

m=1   Succeeding wagon (j) 
    1 2 3 4 5 6 

w
ag

on
 (i

) 
0 116 142 130 109 157 152 
1 1000 167 166 122 179 141 
2 127 1000 120 145 170 180 
3 143 165 1000 150 143 145 
4 124 165 157 1000 173 137 
5 118 162 158 108 1000 137 
6 132 170 136 151 181 1000 

 
Table 2.2 Time taken by operator 2 to connect & stock a wagon 

m=2   Succeeding wagon (j) 
    1 2 3 4 5 6 

w
ag

on
 (i

) 

0 163 135 149 136 127 131 
1 1000 135 171 126 139 156 
2 144 1000 128 158 165 110 
3 156 154 1000 145 127 136 
4 147 152 159 1000 170 140 
5 144 142 168 171 1000 127 
6 166 157 172 172 173 1000 

 
 

Suppose the processing sequence of the jobs on the two machines is as shown in Figure 2.2. The 
time taken by machine 1 to process the assigned jobs = 130 + 143 + 179 = 452 minutes. The time 
taken by machine 2 to process the assigned jobs = 136 + 140 + 157 = 433 minutes. 
Consequently, the makespan is 452. 
 
Hence, the latest these two blocks would be assembled is 452 minutes. But, the optimal time for 
this data configuration is 390 minutes. If we increase the size of the problem to 20 jobs/switch 
orders being operated by 4 operators, random assignment could give us 3122 minutes as the 
completion time. On the other hand, the best known solution is 2400 minutes. The difference is 
almost over 12 hours of value added time. 

 
 

 

 

 

 



 
 

17 

 

Following is a MIP formulation discussed by Rabadi et. al. [2006].  

 

 
 
 
 
After implementing the above formulation in IBM OPL and running 150 experiments on 
benchmark data sets from a website www.schedulingresearch.com, results for a two & four 
resource problem have been summarized in Table 2.3. It is observed that with the increase in 
problem size, average run time to solve increases exponentially. 
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Table 2.3 - Summary of results obtained after implementing the basic formulation in IBM OPL 
No. of 
jobs 

No. of 
machines 

Avg run time for 15 
instances (seconds) 

Optimal solution 
obtained? 

6 2 3.0 Yes 
7 2 25 Yes 
8 2 185 Yes 
9 2 1758 3 out of 15 

10 2 1800* No 
11 2 1800 No 
6 4 3.44 Yes 
7 4 4.65 Yes 
8 4 43.52 Yes 
9 4 1673 5 out of 15  

10 4 1800 No 
11 4 1800 No 

*User interrupted, poor solution obtained with an average gap of 55.13% from lower bound 
 
Improved formulation  
 
The following section describes a formulation which is a modification to the base formulation. 
After running same and even larger data sets on this formulation, it has been proved that the 
improved formulation is significantly better than the base formulation as it can calculate 
optimum solutions for larger data sets in minimal time (less than a few minutes). The summary 
of the results are shown in table 2.4.  Moreover, it is worth describing the constraints of the 
model in detail, which help us in assigning jobs to machines/operators and thereby determining 
the optimal schedule/sequence. 
 
The objective (1) is to minimize the makespan. Constraint (2) ensures that each job is scheduled 
to be processed by one machine and only once. Constraint (3) ensures that each job must not 
have more than one job preceding and succeeding it. Constraint (4) ensures that the job j 
scheduled after job i will always have a larger completion time. Constraint (5) ensures that there 
is only one job scheduled first on every machine. Constraint (6) helps to determine the makespan 
which is the greatest of all the completion times on various machines. Constraints (7) and (8) 
ensure that the makespan and completion time of all jobs is a non-negative value. Constraint (9) 
states that decision variable x is binary. Constraint (10) sets the completion time of dummy job 0 
as zero. Notation used for the improved formulation is as follows: 
 
Sets 
T  Preceding jobs Ti∈   where   },..,3,2,1,0{=T  
N  Jobs Nj∈    where   },..,3,2,1{=N  
M  Machines Mk ∈   where   },..,3,2,1{=M  
 
 
 



 
 

19 

Parameters 
kjiS ,, : Set up time incurred to process job j after job i on machine k  

kjP , :     Processing time to process job j on machine k  
 
Decision variables 

kjiX ,, :  1 if a job j immediately succeeds job i on machine k, 0 otherwise 
 
Dependent variables 

maxC : Makespan 

jC :    Completion time of job j 

Minimize  maxC    
s.t.   

1
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Table 2.4 - Summary of results obtained after implementing the  
improved formulation in IBM OPL 

No. of 
jobs 

No. of 
machines 

Optimal solution 
obtained? 

6 2 Yes 
7 2 Yes 
8 2 Yes 
9 2 Yes 

10 2 Yes 
11 4 Yes 
6 4 Yes 
7 4 Yes 
8 4 Yes 
9 4 Yes 

10 4 Yes 
11 4 Yes 

 

Average run time is less than a minute for all the instances. Maximum size of the problem 
solvable by the improved formulation in reasonable time has not been determined in this phase. 
Only after running larger data sets, this limitation can be found out. 
 
As discussed in the previous interim report, although the improved formulation worked better 
than the original formulation [Rabadi et al. 2006], it could solve the only the small size problems 
(and some large size) in reasonable time while the large size problems took a lot of 
computational effort, a condition not favorable for industrial applications. Therefore, 
determining the limitation of the improved model was a prerequisite before taking any further 
course of action.  
 
The following section includes a table discussing the results. As compared to the previous report 
which had results for 180 data instances, table 2.5 summarizes the result for an additional 300 
instances of data. Most of the instances took up to 1800 seconds (i.e. the limit set beforehand). 
Overall, it took approximately 90-100 hours of experimentation. 
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 Table 2.5 -  Experimentation results for the improved formulation 
No. of 
jobs 

No. of 
machines 

Average run time for 15 
instances (seconds) 

Ave. Gap from 
lower bound (%) 

Optimal solution 
obtained? 

6 2 0.56 0 Yes 
7 2 0.71 0 Yes 
8 2 0.81 0 Yes 
9 2 0.84 0 Yes 

10 2 1.59 0 Yes 
11 2 2.60 0 Yes 
6 4 0.62 0 Yes 
7 4 0.62 0 Yes 
8 4 1.81 0 Yes 
9 4 3.6 0 Yes 

10 4 8.9 0 Yes 
11 4 12.4 0 Yes 
8 6 0.66 0 Yes 
9 6 0.95 0 Yes 

10 6 13.7 0 Yes 
11 6 67 0 Yes 
20 2 146 0 Yes 
40 2 508 0 Yes 
60 2 834 0.19 11 out of 15 
80 2 1493 0.35     5 out of 15 

100 2 1800 0.53 No 
120 2 1800 4.97 No 
20 4 581 2.61 11 out of 15 
40 4 1800 2.76 No 
60 4 1800 2.17 No 
80 4 1800 11.56 No 

100 4 1800 15.59 No 
120 4 1800 25.19 No 
20 6 1800 10.2 No 
40 6 1800 11.18 No 
60 6 1800 13.81 No 
80 6 1800 26.79 No 

 

Lagrangian Relaxation  

It is evident from the above table that a better methodology needs to be devised for solving larger 
size problems. The application of Lagrangian technique seems to be a promising approach as it 
has been used by different researchers for scheduling problems [Tang et al., 2006 and Luh et al., 
1988]. Lagrangian relaxation was one of the first methods proposed for solving linear programs 
[Neuman, 1950]. The following chapter discusses the Lagrangian relaxation technique and sub 
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gradient optimization approach used for solving complex linear optimization problems. 
Lagrangian relaxation is a relaxation technique which works by moving hard constraints into the 
objective so as to exact a penalty on the objective if they are not satisfied. Below is a concept 
flowchart explaining the structure of Lagrangian relaxation technique. 

Identify constraints 
to be relaxed and 

determine 
Lagrangian 

Objective Function

If 
LR_solution>LP_s

olution

Start

Set limits and 
initial values for 

multiplier, 
Cmax, same-

limit

Calculate Lagrangian 
solution(LR_solution)

Increment same 
(limit) by 1 unit

If 
same_limit=3

0, 

scale=scale/2
Calculate slack for 

the relaxed 
constraint

If slack<0 Don’t change the 
multiplier

Increase the 
multiplier

Test loop_limit

Print results for 
multiplier, slack, 

LR_solution

End

Set 
LP_solution 

= 
LR_solution

Pass Cmax 
and multiplier 

values

Calculate Linear 
relaxation 

solution(LP_solution)

 
Figure 2.3 - Concept flowchart of Lagrangian relaxation technique 

 

Lagrangian Relaxation Technique 

The problem under study is a Mixed Integer Linear Programming (MILP) problem which is 
difficult to solve when compared to linear programming (LP) problems. Using Lagrangian 

N 

Y 

N 

Y 

Y 
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relaxation helps us to achieve good near-optimal solutions which are faster and practically 
desirable for any industry. To explain the Lagrangian algorithm for our research, let us discuss it 
in detail following the steps mentioned below.  

 
Step 1: Identify the constraint(s) to be relaxed: A complicating constraint which involves a lot of 
computational effort; which when eliminated does not alter the structure of the MIP problem to a 
large extent. This decision has been made after significant experimentation on different models 
where in other constraints were relaxed. The constraint relaxed for our problem is responsible for 
balancing the predecessors and successors of a job scheduled. In short, every job has a 
predecessor and successor except the first and last jobs on the machine. 
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Step 2: Determine the Lagrangian objective function: Eliminate the constraints to be relaxed and 
add the expression in the objective along with appropriate Lagrangian multiplier. 
 

 Minimize  )(
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Step 3: Set initial values: Initial values of the multipliers were set to 0; scale value was set to 1, a 
parameter controlling the step size; and set value of parameter ‘same’ is set equal to 0, 
 
Step 4: Calculate the Linear Relaxed solution: The linearly relaxed solution (zLP) was obtained 
by relaxing the integrality constraint on the decision variable and the value was stored in a 
variable LP_solution.  
 

}1,...,0{,, ∈kjiX  Ni∈∀   Nj∈∀  Mk∈∀       

Step 5: Update LP_solution: Calculate the Lagrangian relaxed solution (LR_solution). Update 
LP_solution equal to LR_solution if LR_solution > LP_solution; otherwise increment parameter 
‘same’ by 1 
 

Step 5.1: Check if ‘same’ = Same_limit, a predetermined number; reduce the value of 
‘scale’ by half if the condition checked is true. 

 
Step 6: Calculate slack(s) and pass it to Lagrangian objective function: Slack can take any 
integer value from }1,...,1{−  
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Step 7: Update multipliers according to sub gradient optimization method: The objective 
function is penalized if a job does not have a preceding and a succeeding job except for the first 
and last jobs. Therefore, to penalize the objective function λ is changed in accordance to slack 
value. 
 
Heuristic Development 

The solution from Lagrangian relaxation method is a close lower bound to the optimum solution 
and is sometimes infeasible. Therefore, to fix the infeasibilities a proper heuristic needs to be 
developed. Branch and bound after Lagrangian relaxation is one of the method which guarantees 
optimal solutions. Since implementation of such classical techniques to our Lagrangian method 
is beyond the scope of this research, we have proposed a simple yet quite efficient logic to 
generate good feasible solutions. 

 
Let us take an example: 20 jobs (switch orders) need to be scheduled on 2 machines (switch 
engines) and the Ti,j,k ∊ {100,.., 200} 
 
Linearly Relaxed Solution = 1191.78 
Best Lower Bound (infeasible) = 1204.40 

 

Schedules obtained after Lagrangian Relaxation 

0-10-16-6-8-4* 0-20-15-5* 

*5-14-1-2* *9-7-13-3 

17-9* *4-17 

12-11* *2-18-19-12* 

Completion time (C1) =  1203 Completion time (C2) =  1201 

 

The jobs marked with an asterisk (*) are duplicated on both the machines, which means that a 
switch order will be moved by two switch engines and therefore it represents infeasibilities. 
Since the objective is to minimize the makespan, the completion times of the machines should be 
targeted in order to lower them to a minimum value. 

    

T1,2,1 = 106 T2,18,2 = 133 

T8,4,1 = 113 T4,17,2 = 129 

T17,9,1 = 146 T9,7,2 = 130 

T5,14,1 = 106 T15,5,2 = 123 

T12,11,1 = 123 T19,12,2 = 128 

Completion time (C1) =  1203 Completion time (C2) =  1201 
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The following pseudo-code explains the logic used in the development of heuristic  
For all (q in duplicates) 
{ 

 If (C1> C2) 
Delete job q from machine 1 
C1 = C1 – Ti,j,1 

Else 
Delete job q from machine 2 
C2 = C2 – Ti,j,2 

} 
 

1. Comparing completion times of the machines; since C1 > C2, delete the first duplicating job 
from 1st machine.  

C1
 (1) = C1 – T1,2,1 = 1203 - 106 = 1097; job 2 on first machine is deleted. 

 
2. Comparing C1

 (1) & C2, C2 is greater. 
C2 

(1)
 = C2 – T4,17,2 =1201 - 129 = 1072, job 17 on second machine is deleted. 

 
3. Comparing C1

 (1) & C2 
(1), C1

 (1) is greater. 
C1

 (2) = C1
 (1) – T17,9,1 = 1097 – 146 = 951; job 9 on first machine is deleted. 

 
4. Comparing C1

 (2) & C2 
(1), C2

 (1) is greater. 
C2

 (2) = C2
 (1) – T15,5,2 = 1072-123 = 949; job 5 on second machine is deleted. 

 
5. Comparing C1

 (2) & C2
 (2); C1

 (2) is greater. 
C1 

(3) = C1 
(2) – T12,11,1 = 951 – 123 = 828; job 11 on first machine is deleted. 

 
Modified Schedule 

0-10-16-6-8-4 0-20-15 

5-14-1 9-7-13-3 

 2-18-19-12 

Completion time (C1
(3)) = 828 Completion time (C2

(2)) =  949 

 

Ideally after applying the heuristic we are left with all jobs scheduled only once but in more than 
one sequence segments/sub-tours. It might happen that after the application of heuristic, some 
jobs might get deleted from the schedules (if there is a sub-tour with two jobs). In the example 
discussed above, jobs 11 and 17 are not present on any of the machines, since they were a part of 
sub-tour with just two jobs. 

 
To eliminate multiple schedules (or sub-tours) on a machine and to add the missing jobs, we take 
help of CPLEX, solving the original formulation. All the schedules obtained after the heuristic 
are passed to aid CPLEX in generating a feasible solution after eliminating the sub-tours and 
scheduling the missing jobs. Below is the feasible solution obtained from the solver, CPLEX. 
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0-10-16-6-8-4-12-11-17-14 0-20-15-5-2-18-19-9-7-13-3 

Completion time (C1*) = 1274 Completion time (C2*) = 1222 

Makespan = 1274 

Basis of Experimentation 

For some of the instances from the literature the optimum objective values are known. Therefore, 
it can be analyzed how close the lower bounds are to the optimum values. For other instances no 
optimum objective values are known. However, there are heuristic solutions and lower bounds 
available. Consequently, it is possible to analyze, whether the new approach can improve the 
known lower bounds and provide good near-optimal solutions. The following chapter will 
discuss in detail the Lagrangian model used for experimentation and the results obtained for 
different datasets. 

 
The experimentation stage begins with setting values to parameters involved in the 
experimentation model. Lagrangian relaxation algorithm performs differently when the 
parameters are set at different values and the best parameter setting can be achieved only after 
gauging its behavior based on some concrete experimentation. A total of 275 experiments were 
run to conclude that ‘same_limit’ equal to 2 and ‘number of iterations’ equal to 15 is the best 
configuration. 
 
Discussion of Results 
 
To test the effectiveness of Lagrangian technique proposed through this research, as well as the 
improved MIP formulation, two set of experiments were conducted. Experiment one involved 
testing small data sets for p and s balanced configuration (270 experiments) and 30 more 
experiments (20 jobs on 2 machines, and 40 jobs on 2 machines) from large data sets comprising 
a total of 300 experiments using the improved formulation. Computational times for these 
experiments were less than a few minutes. Rest of the experiments from large datasets (510 in 
number) could not be solved using the formulation alone as the computational times increased 
exponentially. Therefore, second experiment which involved using the proposed Lagrangian 
technique solved most of these experiments. Table 2.6 illustrates in detail the two experiments 
and the associated techniques used to solve them. 
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Table 2.6 - List of experiments classified according to the technique used to solve 

N
um

be
r 

of
 J

ob
s 

Number of Machines 
 2 4 6 8 10 12 

6 MIP 
 

 

MIP 
 

 

NA NA NA NA 

7 MIP 
 

 

MIP 
 

 

NA NA NA NA 

8 MIP 
Formulation 

MIP 
Formulation 

MIP 
Formulation NA NA NA 

9 MIP 
 

 

MIP 
Formulation 

MIP 
Formulation NA NA NA 

10 MIP 
 

 

MIP 
 

 

MIP 
 

 

MIP 
 

 

NA NA 

11 MIP 
 

 

MIP 
 

 

MIP 
 

 

MIP 
Formulation NA NA 

20 MIP 
 

 

MIP 
 

 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 
40 MIP 

 
 

Lagrangian 
 Relaxation 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 
60 Lagrangian 

 Relaxation 
Lagrangian 
 Relaxation 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 
80 Lagrangian 

 Relaxation 
Lagrangian 
 Relaxation 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 
100 Lagrangian 

 Relaxation 
Lagrangian 
 Relaxation 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 
120 Lagrangian 

 Relaxation 
Lagrangian 
 Relaxation 

Lagrangian 
 Relaxation 

Yet To Be 
Solved 

Yet To 
Be 

 

Yet 
To Be 

 ‘NA’ signifies that the data sets do not exist for those configurations. The following equation 
calculates the deviation of the results obtained to those reported by Rabadi et al. (2006) using 
Meta-RaPs.  

100
)max(

)max(max ×
−

=
−

−−

RaPsMeta

RaPsMetaLR

C
CC

ρ
 

 

• Experiment One 

ρ , the deviation of results, helps us to evaluate the quality of results when compared to those 
reported [Rabadi et al., 2006]. ρ <0 indicates that results obtained from this research are better 
than those achieved by Meta-RaPs. Table 2.7 summarizes the minimum, maximum and average 
deviation of results obtained for 300 experiments (fifteen for each m-n configuration) using the 
improved formulation. 
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Table 2.7 - Measures of deviation for results from experiment one 

m N Min - ρ  Ave - ρ  Max- ρ  
2 6 0.00 0.00 0.00 
 7 0.00 0.00 0.00 
 8 0.00 0.00 0.00 
 9 -0.65 -0.07 0.00 
 10 -1.96 -0.78 0.00 
 11 -1.81 -0.57 0.00 
 20 -0.58 -0.26 0.00 
4 6 0.00 0.00 0.00 
 7 -3.11 -0.20 0.00 
 8 -0.38 -0.03 0.00 
 9 0.00 0.00 0.00 
 10 -1.89 -0.33 0.00 
 11 -5.39 -1.28 0.00 
 20 -1.97 1.12 6.28 
6 8 -0.83 -0.06 0.00 
 9 -3.64 -0.82 0.00 
 10 -10.53 -2.09 4.92 
 11 -5.70 -0.56 5.84 
8 10 -3.93 -0.02 4.17 
 11 -4.55 -1.48 0.85 

 

As seen in figure 2.4, except for 20n – 4m, for all other data sets the average 0<ρ , which means 
that the results obtained from improved formulation outperform Meta-RaPs in almost all of the 
instances.  
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Figure 2.4 - Average deviation of results from Meta-RaPs for experiment one 

Figure 2.5 shows, for 30.66% (92/300) of the instances, results obtained were better; 9.33% 
(28/300) results were worse; and for the rest 60% (180/300) experiments, the results obtained 
were the same as reported [Rabadi et al., 2006]. 

Although 9.33 % experiments resulted in solutions worse than Meta-RaPs, an interesting point to 
mention is that out of those 28 experiments, the proposed formulation could obtain and verify 
optimal solutions for 25 experiments and reported solutions with lower makespan value. Such a 
discrepancy paves way for further experimentation and validation of these optimal solutions. To 
cite an example, instance 6 of 20n-4m has an optimal value of 595 as makespan and do not 
confirm its optimality.  

 
Figure 2.5 - Percentation distribution of results from experiment one in terms of  quality 
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• Experiment Two 
Table 2.8 summarizes the minimum, maximum and average deviation of results obtained for 240 
experiments (large datasets) using the Lagrangian relaxation method proposed through this 
research.  

Table 2.8 - Measures of deviation for results from experiment two 

M n Min - ρ  Ave - ρ  Max- ρ  
2 40 -1.24 1.35 3.41 
 60 -0.48 0.59 3.11 
 80 -1.41 -0.56 2.48 
 100 -1.77 -0.92 0.34 
 120 -2.31 -0.61 6.56 
4 40 0.77 7.36 14.00 
 60 -0.74 4.92 13.73 
 80 -0.68 2.28 6.94 
 100 -2.42 -0.07 2.34 
 120 -0.67 0.85 3.14 
6 20 2.01 10.66 25.39 
 40 3.09 7.40 14.75 
 60 -0.52 5.52 17.13 
 80 1.83 6.17 11.71 
 100 0.95 2.90 8.51 
 120 -1.59 3.75 13.08 

 

Lagrangian relaxation method performs best and outperforms Meta-RaPs when n/m ratio is high 
i.e. 80n-2m, 100n-2m, 120n-2m, 100n-4m, and 120n-4m. An example is shown in figure 2.6 
(100n-2m, 120n-2m). 
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Figure 2.6 - Dominance effect of Lagrangian relaxation method over Meta-RaPs 

The high deviation for experiments with low ‘n/m’ ratio is attributed to the inability of the 
heuristic to fix the infeasibilities in an optimal manner. It is to be noted that such a technique is a 
trade off on accuracy for speed. One motivating factor is that in many practical applications (e.g. 
scheduling in rail yards) quickly obtaining a partially accurate solution is preferred to obtaining 
an optimal solution after a lot of computation.  

2.3 - Simulation Model for a Rail Container Yard Using FlexsimCT 
Upon understanding the case study and defining rail road yard, the next step is to find the proper 
yard, “Clearing Yard” to start the simulation. There are multiple factors in yard which affect the 
energy efficiency; however, a few of them have more impact than others such as Trucks, Cranes, 
and Top loaders. As such we will focus on calculating the amount of CO2 emission in these 
objects to find the most efficient model.  
 
In order to use simulation we started making the basic model, demonstrating yard operations 
with one arrival train that has 20 cars including both importing and exporting containers. These 
containers are loaded/unloaded by one Gantry crane and transported by two trucks from/to 
storage area using the concept of the shortest possible path. In addition, trucks that are coming 
from the outside of the yard to pick up or drop off the containers have to pass the inspection gate 
to be approved for continuing their way to the terminal. Then, the next step is to validate the 
model to make sure simulation provides valid representation of the actual system, otherwise, the 
simulation will have errors which may result in making poor decision.  
 
After validating the model in order to use simulation and define different scenarios to find out 
the best possible answer we defined the developed basic model and validate it again. 
Furthermore, we demonstrated how we can apply CO2 emissions to the model to get the result 
we are looking for from simulation. To find out if the amount of CO2 emissions is high, low, or 
moderate, there must be other scenarios to compare, and as a result, we define first scenario and 
compared it by the developed model. To have a realistic simulation, containers are randomly 
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distributed each time we are running the program so we get different result based on different 
numbers of containers. The best way to compare two scenarios is to compare standard deviation 
and mean after “n” number of replication of each scenario together; the number of replication 
that we got from the previous report will be use for all other scenarios because it was greater than 
other.  
 
The purpose of this section is to analyze scenarios utilizing comparison techniques to identify the 
most efficient scenario in term of CO2 emissions.  These different scenarios differ by changing 
the Yard layout and changing number of important factors that we defined previously (Number 
of trucks, cranes, top loaders).  
 
Defining two sub-group scenarios from the first scenario 
 
After explaining and developing basic simulation model and defining first scenario in order to 
get the best result we can define and compare different scenarios. In this section multiple 
scenarios will be discussed and compared to find out the most efficient scenario. 
 
The second scenario still has one arrival train which has 40 cars including two types of 
containers; importing and exporting, both of which contain 4 foot and 2 foot containers. The only 
different of this scenario of scenario one is different number of trucks These containers are 
loaded/unloaded by two Gantry crane to train, and transported by five (scenario two), ten 
(scenario three) trucks from/to two different storage areas, one specifically for 4 foot importing 
containers (Storage area) and the other is used for the remaining containers (Storage area 1). One 
top loader is assigned to load/unload containers in Storage area and one Gantry crane is assigned 
to load/unload containers in Storage area 1 and the other one is assigned Storage area 2. All 
transportation is based on shortest possible path, the same as the basic and first scenario. 
Outbound trucks strategy also remains the same as like as two previous scenarios.  
 
Figure 2.7 demonstrates screen shots of the second scenario after one replication. It does have 
the same transportation and load/unload logic as first scenario. Figure 2.8 illustrates screen shots 
of third scenario same layout the only different is increasing number of trucks to experience how 
will affect the efficiency if we use different number of trucks. 
 
 

 
Figure 2.7 – Second scenario (5 trucks) model 
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Figure 2.8 - Third scenario (10 trucks) 

 
 
As we calculate number of replication previously, we run the exact number of replication 270 
our two models.  
 
Defining three scenarios based on the same layout 
 
These scenarios have one arrival train which has 40 cars using two gantry cranes to load/unload 
four different containers (two different sizes of importing and exporting containers). For 
transportation purposes, two trucks, five trucks, ten trucks respectively are used in fourth 
scenario, fifth scenario, sixth scenario; however, this time instead of two or three storage areas 
there are four different storage areas. All of the 4 foot exporting containers are placed in the 
storage area, all of the 2 foot exporting containers are stored in storage area 1, all the 2 foot 
importing containers are stored in storage area 3, and the rest will be stored in Storage area 2. 
The other change is the number of cranes. Since there is one additional storage area, we need to 
have at least one more crane to assign to the forth storage area. All transportation is based on 
shortest possible path, the same as the other scenarios. Outbound trucks strategy also remains the 
same as the basic model. Figure 2.9 demonstrate layout of these scenarios with five cranes and 
one top loader. 
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Figure 2.9 – Fourth, Fifth, and Sixth scenario with the same layout 

 
Pseudo random number streams are used in simulation packages to model random events that 
may occur in the physical system under study. It is a general practice to run simulation models 
for several replications to eliminate or reduce bias, and to gain a higher level of confidence in the 
performance measure of interest. Each replication is run with different random number streams 
or long enough to eliminate or reduce any bias. For this purpose, each scenario considered in this 
study was replicated for 270 times. The simulation length (duration for which the model was 
allowed to run) was 400 min (or roughly a shift excluding the breaks and warm-up). 
 
Comparison of different scenarios  
 
Any factor that has an impact on the travel time and distance required for the truck to complete 
their tasks, will directly affects energy efficiency. These factors include Yard layout, number of 
cranes and number of trucks. For instance, number of storage areas affects both travel distance 
and travel time of each truck. Similarly, different number of cranes can affect the travel time due 
to trucks waiting time for loading/unloading containers.  
 
In the following sections, we have tried to carefully use different combinations of the effecting 
objects mentioned above and analyze the different scenarios utilizing a suitable comparison 
strategy to achieve the best case scenario. Design of experiments (DOE) or experimental design 
is the design of any information where variation is present, whether under the full control of the 
experimenter or not. However, in statistics, these terms are usually used for controlled 
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experiments. DOE is a useful complement to multivariate data analysis because it generates 
“structured” data tables.  
 
Table 2.9 is demonstrating all the result that achieved from different scenarios. As you can see 
scenario 4 has the lowest variation however, we cannot compare them accurately. The best way 
to compare different scenarios is to compare scenarios from the same category together because 
when we have different layout simply it is totally different criteria. The number of variables will 
significantly increased (we should consider space, cost, route, distance, another gantry crane) 
which will affect our comparison. 
 
Figure 2.10 is representing first, second, and third scenarios energy efficiency histogram after 
270 replications. Figure 2.11 is representing energy efficiency histogram fourth, fifth, sixth 
scenarios together. 
 
 

 
Figure 2.10 – Energy efficiency under the various scenarios 
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Figure 2.11 – Graph of scenario results 

 
 
 

Table 2.9 – Table of scenario results 
Scenario 2 3 4 5 6 

Number of Storage area 3 3 4 4 4 
Number of Replication 270 270 270 270 270 
Expected value  22,654,595 21,855,412 18,819,656 19,607,491 19,382,449 
Standard Deviation  7958474 8477062 7361992 7758211 7878800 
Minimum Value 4432350 6483823 4929089 4852213 3882605 
Maximum Value 54802360 50522630 51055271 54524556 49194000 
95 % Confidence Interval  21693670 - 23615520 20831871 – 22878952 17930751 - 19708560 18670746 - 20544236 18431143 - 20333754 
Number of Truck 5 10 2 5 10 
Number of Crane 5 5 6 6 6 
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2.4 - Task 2 Milestones 
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3 - Alternate Fuel Project (Task 3)  

 

Support Personnel  
 Dr. Robert Tatara, Ph.D. - Task leader – Department of Technology 
 Dr.  Gabriel Holbrook, Ph.D. – Department of Biological Sciences  
 Dr.  Scott Grayburn, Ph.D. – Department of Biological Sciences 
 
In a previous DOE project, Northern Illinois University (NIU) was tasked with the development of a 
supply chain analysis for the delivery of biodiesel from various mid-western supply points to the 
various depots at which a number of railroads could utilize the fuel. In addition, the usage of 
biodiesel fuel in the railroad industry is a novel approach, and thus efficiency and maintenance issues 
are of major importance in this regard. In this past project, NIU examined the usage of a range of 
biodiesel blends from B20 to B100 for diesel locomotives. This study looked at fueling locations and 
conditions, including safety and storage of the fuels. The issues encountered included engine part 
wear and breakdown due to the solvent nature of the biofuel. In addition, the locations at which the 
fuel is produced and where it is typically needed did not coincide, and thus, delivery and life-span 
issues arose and were analyzed. This past biodiesel analysis has helped the NIU researchers 
understand the energy issues and it helped refine the problem. 
 
As fuel costs start to rise again, the railroad industry is looking toward the future when fuel prices are 
too high to sustain the costs in the industry for transit of goods. After past research, the use of 
soybean in the biofuels development has been seen as a major detractor, due to the usage in the food 
supply. As an alternative, the NIU researchers will be using algae in the production of biodiesel. The 
usage of this type of fuel base will provide a suitable base in parts of the country where biofuels are 
not available. This project will provide research into the development of small-scale biofuel 
production facilities. The faculty and staff within the college are uniquely qualified to take on this 
development process. This project will look at two different areas: the composition and development 
of small-scale biofuel production facilities to satisfy the needs of individuals who live in rural 
communities or in areas that are not located near agricultural facilities, and consumption issues, 
including the interaction of biofuels with engine materials, power production, and associated exhaust 
gasses / particulates. In addition, this project will look at the process of using algae as a base for 
biofuels and creating a small-scale production facility which will distill and extract biodiesel. This 
mixture will also be tested using the three-cylinder test rig that was created to test the soy-based 
biofuels in the past project. Due to the experience of the NIU engineers, we have the ability to 
compare the various types and mixtures of these fuels to determine the efficiencies and pollutants 
produced during various operating levels.  
 
The current project scope can be divided into seven primary categories:  
 

(i) Collection of both filamentous and unicellular oil-producing algae indigenous to the 
Illinois area 

(ii) Isolation of local microalgae strains and collection of growth data 
(iii) Identification of the oil-producing algal species 
(iv) The development of a viable lipid extraction method for obtaining oil from algal cells 

and analyzing its quality 
(v) Increasing the quantity of algal oil to generate a reasonable amount of biodiesel fuel 
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(vi) Conversion of algal oils to biodiesel fuel 
(vii) Testing of the algal biodiesel in an engine 

 
3.1 - Collection of Filamentous and Unicellular Oil-Producing Algae 
 
The Rock River Water Reclamation District (RRWRD) in Rockford, Illinois, has been identified 
as a source for abundant filamentous algae (Figure 3.1). Harvesting the algae involves collection 
from the tertiary treatment area and outdoor drying. The algae grow submerged in drainage 
channels (launders) leading away from effluent final settling tanks and are a combination of 
several coexisting species including Cladophora sp, Rhizoclonium, and various proportions of an 
aquatic moss. The freshly-harvested algae are typically degraded by bacteria and fungi in less 
than a week if they are not dried, or stabilized by autoclaving. So mats of the algae are squeezed 
in a commercial bucket wringer to remove excess water, and then air-dried for several days on 
wooden frames (Figure 3.2) until less than 10% water content is registered with a moisture 
probe.  

       
(a) Harvesting                   (b) Microscopic view 

Figure 3.1- Filamentous algae from the Rock River Water Reclamation District 
 
 

 
Figure 3.2 - Harvested filamentous algae spread on racks for drying in the open air 

 
Additionally, five strains of unicellular microalgae, collected from Illinois freshwater sites in 
Rockford, Cherry Valley, and DeKalb, have been isolated to determine their growth 
characteristics as microalgae may have higher oil content than filamentous strains (12% versus 
6%). 
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Isolation of Local Microalgae Strains and Collection of Growth Data 
 
The isolation of algae strains capable of successfully growing to high cell densities in effluent 
water (EW) is important for developing a practical, cost-effective means of obtaining an 
adequate amount of cells from which oil may be extracted for conversion to fuel (Davidson et al., 
2012). Filamentous algae, although having low oil content, have been identified as easily 
harvested. Samples have been dried and successfully processed by a hammermill to a powder. 
The powder has been pelletized in order to be fed into an oil press to mechanically break the 
algae cells and remove their oil. Although the pellet yield was low, binders such as dried 
distillers grain with solubles (DDGS) are being introduced to increase pelletizing efficiency. 
Dried microalgae may be processed the same way. 
 

 
Figure 3.3 - Microalgae cell 

 
Local microalgae (Figure 3.3) strains have been tested in varying growth media. Two cell sizes 
were observed in the cultures, which are assumed to be different morphologies of a pure culture 
(same species) induced by environment and this is consistent with initial DNA analysis. 
Microalgae were inoculated in 50-mL flasks containing four different growth media. Cultures 
were maintained in a growth chamber at 23 oC, exposed to 16 hours per day of incandescent and 
fluorescent light, and shaken continuously at 150 rpm. Culture growth was monitored daily for a 
7-12 day period using optical density measurements taken at 680 nm with a Pharmacia 
spectrophotometer, and also by counting cells with a Fischer hemacytometer. Resulting growth 
curves indicated that all five algal species grew rapidly, to high cell densities and without 
contamination from unwanted bacterial populations, in two media: Bold’s Basal (BB) and filter-
sterilized EW collected from the RRWRD. (Bold’s Basal is a popular, dependable medium used 
to culture algae, and designed for sustaining consistent, longer-term growth.) Figure 3.4 presents 
some sample growth curves. At least two microalgae strains achieved maximum growth in 
effluent water compared to nutrient-enriched medium (like Bold’s). However, this maximum 
peak was short-lived, and preceded a rapid decline in cell density within days or hours. The 
exponential decline in cell numbers, following a peak in cell density, is consistent with the 
exhaustion of nutrients that is expected to occur in a medium with unbalanced nutrients, such as 
EW. This suggests that growth patterns need to be closely monitored to harvest cultures at a 
maximum number of viable cells. Additionally, data from the growth studies show that EW is a 
sustainable, viable, readily available, inexpensive, and thus desirable growth medium in which to 
culture locally-isolated algae on a large scale for commercial biofuel production.  
 
A serendipitous observation was the notable ease with which cells of one particular strain of 
local microalgae aggregate with other cells in a flask culture. A significant challenge to large-
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scale algae biofuel production is developing an effective means of filtering small (1-2 µm 
diameter) cells for lipid extraction. Chemical additives, such as ferric chloride, act as flocculants 
and may be added to cultures in order to induce cells to aggregate, and thus form clumps that can 
be more effectively collected via a filter; however these present an added expense and effort 
prior to harvesting. Fortunately, one of our strains spontaneously clumps with other unicells, 
either as a result of its reproductive cycle (in which gametic cells produce sticky flagella that 
cling to the flagella of cells with opposite mating types), or from an increasing alkalinity in their 
media. Tests of cultures taken after the initial growth experiments showed the strain’s medium 
had an alkaline pH of 10.1, presumably a result of nutrient exhaustion. This suggests that 
clumping may be a response to stressful growth conditions and may be induced by manipulating 
this particular microalga’s growth medium, allowing for harvesting without flocculants. 

Figure 3.4 - Sample microalgae cell diameter growth curves 
 
Identification of the Oil-Producing Algal Species  
 
Work has focused on small scale culture and identification of unicellular algae. Microalgae 
species of interest were selected for their ability to grow in treated EW that was collected from 
the DeKalb Water District (DeKalb, Illinois) prior to discharge in the local (Kishwaukee) river. 
These microalgae cultures may be valuable because of their local adaptation and ability to grow 
in open systems with other organisms that may compete for nutrients. Some or all of these 
species may be useful for biofuel production. Effluent water provided a low-cost source of 
renewable nutrients for algae growth. Water was autoclaved in 5-gallon water bottles and placed 
in 5-gallon white plastic buckets. These buckets were placed inside and outside the greenhouse at 
the Department of Biological Sciences, NIU. Aeration was provided with aquarium pumps and 
air stones. The five algae strains were able to colonize these bucket cultures and become the 
dominant algal species at different times of the year.  
  
Following the establishment of microalgae cultures in buckets, flask cultures were started in the 
laboratory on a shaker. Glass flasks (125 mL) that contained autoclaved EW or other media were 
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used for propagation of five algal strains. Microscopic observation verified that the correct 
strains of algae were dominant before subcultures were started.    
  
In an effort to obtain single algal colonies (pure, axenic cultures), these isolates were grown in 
plastic petri dishes on the surface of medium supplemented with 1.5% agar (w/v, Caisson 
Laboratories, Inc., plant tissue culture tested) as a solidifying agent. The most consistently useful 
medium was Bold’s Basal medium 3NBBM + vitamins (Anderson, 2005) that was supplemented 
with soil water extract prepared from local soil as follows: 50 g of soil was boiled in 500 mL 
distilled water for 30 min then allowed to cool and settle. The upper liquid was decanted through 
NMO 75 nylon mesh (Filter Source, Syracuse, New York) to remove particles and 4 mL of this 
solution was added per liter of the Bold’s Basal medium. Single colonies from petri dishes were 
propagated in liquid culture for DNA isolation. Microscopic observations assigned names to 
most of our isolates based on cell morphology. The genus and species of the five algae used in 
this study are listed along with our laboratory designation: Chlorella vulgaris (32B), 
Ankistrodesmus sp., (Ank, eyelashes), Scenedesmus or Tetradesmus (footballs), Ankistrodesmus 
monoraphidium (clos), Selenastrum capricornutum (U cells). (Micrographs of these algae were 
taken by L. Bross of the Department of Biological Sciences, NIU, and available as Figures 3.5 to 
3.9.) 
 
Cell morphology is an important feature for the identification of microalgae, but may not provide 
enough information for identification at the species or even genus level. A study by Krienitz et 
al. (2011) used DNA sequence data from the small subunit of ribosomal RNA (SSU rRNA, also 
known as 18S rRNA) to facilitate the identification of microalgae with similar morphologies. 
They found that crescent-shaped microalgae (such as the `eyelash’ and `U’ cells shown in 
Figures 3.6 and 3.9) were distributed between ten different clades in two classes of algae, the 
Chlorophyceae and the Trebouxiophyceae. In the current research, we carried out DNA 
sequencing of PCR (polymerase chain reaction) products and cloned PCR products from algae 
DNA. Initially we used PCR primers described by other researchers to discriminate between 
different microalgae. These primers amplified total DNA from the algae strains shown in Figures 
3.5 to 3.9. Sequences of these and other primers are listed in Table 3.1.  
 
PCR amplification of algae DNA initially used primers that were previously used for 
identification. Nuclear 18S rRNA primers, expected amplicon=473 bp, are described in Moro et 
al. (2009). Chloroplast 23 S rRNA primers, expected amplicon=406 bp, are described in 
Sherwood and Presting (2007). Chloroplast atpB primers, expected amplicon=1250 bp, and 
chloroplast rbcL primers, expected amplicon=1406 bp, are described in Karol et al. (2001). DNA 
sequencing of PCR products used a Beckman Coulter CEQ 8000 genetic analysis system. A 
summary of blastn results from (uncloned) PCR products is shown in Table 3.2. Complete 
sequence data could not be obtained for the entire products (amplicons) from some of these 
reactions, so cloning experiments were initiated. 
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Figure 3.5 - Putative Chlorella vulgaris (32B) 

 

 
Figure 3.6 - Putative  Ankistrodesmus sp., (Ank, eyelashes) 

 

 
Figure 3.7 - Putative  Scenedesmus or Tetradesmus (footballs) 

 
 



 
 

44 

 
Figure 3.8 - Putative  Ankistrodesmus monoraphidium (clos) 

 

 
 

Figure 3.9 - Putative Selenastrum capricornutum (U cells) 
 

PCR amplifications of 18S rRNA (which is also known as SSU or small subunit rRNA) initially 
used the primers chloroF (10715) and chloroR (10716, Moro et al., 2009) that gave a product 
size of 473 bp. It was expected that longer products would be more informative for taxonomic 
purposes, so attempts were made to amplify a complete 18S rRNA gene from the five strains 
being studied. Primers 18S rRNAF2 (12327) and 18S rRNAR2 (12329) (Huss et al., 1999) were 
used initially with Taq98 DNA polymerase (Lucigen) in an effort to obtain ~1.8 kb products 
from the five strains of algae. PCR products of the expected size were obtained from the algae 
strains 32B, Ank eyelash, and football (shown in Figures 3.5 to 3.7). When primeSTAR GXL 
DNA polymerase (Clontech/TaKaRa) was used for PCR, products of at least 1.8 kb were 
obtained from all five algae strains. PCR products that were used directly for sequencing or for 
cloning were purified with a `NucleoSpin Gel and PCR Clean-up’ spin-cartridge system 
(formerly called NucleoSpin Extract II, Macherey-Nagel). PCR products of 1.8 kb or larger were 
purified from agarose gels and ligated to pJET1.2 (Fermentas). These clones were submitted for 
DNA sequencing. 
 
The 18S rRNA sequences from the algae clones were compared with the public non-redundant  
nucleotide database using blastn software  (Altschul et al., 1990). The 18S rRNA clone from the 
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isolate shown in Figure 3.5 showed 100% identity with four strains of Chlorella sorokiniana and 
one strain of Chlorella vulgaris over the entire 1751 bases of DNA sequence. The 18S rRNA 
clone from the isolate shown in Figure 3.6 showed 99% identity with Dictyosphaerium, 
Parachlorella, Chlorella, and Dicloster over the entire 1751 bases of DNA sequence. Of these 
four genera, cell morphology seen in Figure 3.6 most closely resembles Dicloster. Other 
molecular markers may help to resolve the identity of this alga. The 18S rRNA clone from the 
isolate shown in Figure 3.7 showed 100% identity with three strains of Scenedesmus obliquus 
over the entire 1748 bases of DNA sequence.  
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Table 3.1- Algal DNA sequences

 

Primers used for amplification and sequencing of microalgae DNA  Reference 
                23S (rrnL) large subunit chloroplast rRNA 
  

 
10021-p23SrV_f1-2007 GGACAGAAAGACCCTATGAA Sherwood and Presting (2007) 

10022-p23SrV_r1-2007 TCAGCCTGTTATCCCTAGAG Sherwood and Presting (2007) 

12224-ct23S CAGTTTGACTGGGGCGGTCACCTCC This study 

12225-ct23S GGAGGTGACCGCCCCAGTCAAACTG This study 

_______________________________________________________________________________________________________________  

chloroplast atpB 
  

   
10732-atpB-F TGTTACTTGTGAAGTTCAACA Karol et al. (2001)    
10733-atpB-R CTAAATAAAATGCTTGTTCAGG Karol et al. (2001)     
11132-ext11021 ACGTGAAGGAAATGACCTTTACATGG This study    
11841-EXT11163 GTAACCCACCCATTTCTGTAGCAAGAGTAGG This study    
11887-ext11210 gATGAAAGAATCTGGCGTTATTAATGAA This study    
11888-ext11211 CGTTCTTGTAAACCACCCATTTCTGTTGC This study    
11889ext11051ctatpB GATCCAGCTCCAGCTACAACATTTG This study    
12211-atpBext12002 ATGGGGGTGTTTCTGTATTTG  This study    
12212-atpBext12003 CAAATACAGAAACACCCCCAT This study    
_______________________________________________________________________________________________________________ 

rbcL 
  

   
10734-rbcL-F ATGTCACCACAAACAGAAACTAAAGC Karol et al. (2001)     
10735-rbcL-R AATTCAAATTTAATTTCTTTCC Karol et al. (2001)     
11133-ext11022 AAACCAAAATTAGGTCTTTCAGCTAAAAACTACGG This study    
11772-ext_11141 GGTATTCAAGTTGAACGTGACAAATTAAACAAATATGG This study    
11773-ext_11157 CGCTAAAACACGGAAGTGAATACC  This study    
11877-ext11208 CAATGGTCTTCTTTTACACATTCACCGTGC  This study    
11878-ext11209 CGACCGTAGTTTTTAGCTGAAAGACCTAATTTTGG This study    
12213-rbcLext12006 GGTGAAATTAAAGGGCACTACTTAAATGCTAC This study    
12214-rbcLext12007 GTAGCATTTAAGTAGTGCCCTTTAATTTCACC This study    
12215-rbcLext12009 TTCACCTGGAACTGGTTCGATATCATAGCAACGACC  This study    
_______________________________________________________________________________________________________________ 

18S rRNA 
  

   
10715-ChloroF TGGCCTATCTTGTTGGTCTGT Moro et al. (2009)    
10716-ChloroR GAATCAACCTGACAAGGCAAC Moro et al. (2009)    
11868-ext11198 CAAGCTAATCACTTGGGTATGGTAAAAACGCCG  This study    
11869-ext11199 CGGCGTTTTTACCATACCCAAGTGATTAGCTTG This study    
12327-18S_rRNAF2 WACCTGGTTGATCCTGCCAGT Huss et al. (1999)    
12329-18S_rRNAR2 GATCCTTCYGCAGGTTCACCTAC Huss et al. (1999)    
12408_ext12047_18S ACCACATCCAAGGAAGGCAGCAGG  This study    
12409_ext10487_18S TTGATTCTATGGGTGGTGGTGCATGG This study    
12550-18S TGTCAGAGGTGAAATTCTTGGATTT This study    
12551-18S AAATCCAAGAATTTCACCTCTGACA This study    
12573-18S rRNA AGAAGTCATCAAAAGAACATCCTCCAATCCC This study    
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Table 3.2 - DNA sequence data from PCR products using blastn versus the total non-redundant 
database NR (names in the strain column are derived from microscopic observations by A. St. 
Amand; cover is percent coverage; and max is percent maximum identity)

 

Strain (micro ID)              primer  cover    max best matches 

Chlorella vulgaris atpB 99 89   Chlorella vulgaris 
`32B”   atpB 99 89   Chlorella variabilis 
   atpB 97 91   Micractinium pusillum 
   rbcL 99 99   Chlorella sorokiana 
   rbcL 99 95   Chlorella pyrenoidosa 
   rbcL 99 95   Auxenochlorella protothecoides 
   18S 100 99   Chlorella sp. 
   18S 100 99   Micractinium pusillum 
   18S 100 99   Chlorella vulgaris 
   23S 99 98   Chlorella vulgaris strain C-27 
   23S 99 98   Chlorella vulgaris strain ESP-31 
   23S 99 96   Parachlorella kessleri 
Selenastrum  atpB 99 90   Micractinium pusillum 
capricornutum  atpB 99 89   Actinastrum hantzschii   
`U cells’   atpB 99 89   Chlorella variabilis 
   rbcL 100 99   Chlorella sp. 
   rbcL 100 99   Chlorella sorokiana 
   rbcL 100 95   Chlorella pyrenoidosa 
   18S 100 99   Selenastrum sp. LU21 
   18S 100 99   Ourococcus multisporus 
   18S 100 99   Tetranephris brasiliensis 
Ankistrodesmus sp atpB 99 90   Closteriopsis acicularis 
`Ank, eyelashes’ atpB 99 89   Parachlorella kessleri 
   atpB 99 86   Actinastrum hantzschii   
   rbcL 95 92   Parachlorella kessleri 
   rbcL 91 92   Closteriopsis acicularis 
   rbcL 94 91   Chlorella vulgaris 
   18S 100 99   Parachlorella beijerinckii 
   18S 100 99   Parachlorella hussii 
   18S 100 99   Mucidosphaerium palustre 
Ankistrodesmus             atpB 100 86   Ourococcus multisporus 
monoraphidium             atpB 100 84   Sphaeroplea soleirolii  
`Clos’   atpB 100 84   Atractomorpha porcata 
   rbcL 100 92   Dunaliella salina 
   rbcL 100 92   Ourococcus multisporus 
   rbcL 99 93   Selenastrum sp. LU21  
   18S 100 100 Selenastrum sp. LU21  
   18S 100 100 Ourococcus multisporus 
   18S 100 100 Tetranephris brasiliensis 
Scenedesmus or atpB 55 85   Micractinium pusillum 
Tetradesmus  atpB 55 82   Actinastrum hantzschii    
`footballs’  atpB 55 81   Chlorella vulgaris 
   rbcL 99 87   Chlorella sorokiana 
   rbcL 99 93   Auxenochlorella protothecoides 
   rbcL 99 93   Chlorella pyrenoidosa 
   18S 100 100 Selenastrum bajacalifornicus 
   18S 100 100 Scenedesmus rotundus 
   18S 100 100 Coelastrum proboscideum 
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The 18S rRNA clone from the isolate shown in Figure 3.8 showed 100% identity with 
Monoraphidium sp. Itas 9/21 14-6w (Fawley et al., 2006) over the first 1207 bases of DNA 
sequence (out of a total 1424  bases submitted for the similarity search). Monoraphidium 
minutum was shown by Sriharan et al. (1987) to have a high oil content. Under nitrogen deficient 
conditions at 30 oC, neutral lipids (the type usually used for diesel production) constituted 
18.83% of ash-free dry weight. Our most recent large-scale growth and harvest of algae used our 
local isolate of Monoraphidium. The 18S rRNA clone from the isolate shown in Figure 3.9 
showed a maximum 80% query coverage in a blastn search. Of 2180 bases submitted the best 
match from the non-redundant nucleotide database included 1748 bases, with a 99% match to 
Tetranephris brasiliensis. In addition to 18S rRNA, clones corresponding to the algae in Figures 
3.8 and 3.9 contained additional sequence. Under the reaction conditions used, taq98 DNA 
polymerase (Lucigen) showed higher stringency for primer annealing than was seen for 
primeSTAR GXL DNA polymerase (Clontech/TaKaRa).  
 
As described above, the strain shown in Figure 3.9 closely resembles Monoraphidium using 
cloned 18S rRNA and morphology for identification. A laboratory culture of this strain was used 
to inoculate 5 gallons of autoclaved EW. The algae grew in a white bucket under 10.5 W LED 
illumination with aeration provided by an aquarium pump and air stone until maximum cell 
density was reached after 17 d of culture at 25 oC. This cell density is greater or similar to cell 
densities obtained in greenhouse bucket or pool (50-gallon) cultures. Phosphorus was measured 
with a Hanna Low Range Phosphate meter. It was shown by Rhyne (1987) that Monoraphidium 
has a fast doubling time in the presence of 25 ppm phosphorus. The ability of the strain of algae 
to grow in high concentrations of phosphorus is a useful feature for growth in EW. (Phosphorus 
removal is a benefit of algal growth in EW.) Ammonium and nitrate were measured with a 
CleanGrow multi-ion probe and meter. Measurements of pH, electrical conductivity (EC), total 
dissolved solids (TDS), and salinity were taken with an Oakton Multi-Parameter PCSTestr 35. 
These results indicated that the local strain of Monoraphidium reduced the amount of phosphorus 
in the effluent water significantly: from 9.8 to 4.2 ppm.  
 
3.2 - Lipid Extraction for Obtaining Oil from Algal Cells 
 
Lipid studies fall into three categories: the use of solvents as a means of extracting oil from 
algae; Layer Chromatography as an analytical tool to identify constituents of algal lipids for the 
presence of triacylglycerols (TAGs); and cell disruption experiments to damage or soften the 
rigid algal cell walls for increased access to intracellular oil and increased efficiency in the 
solvent extractions. 
  
Soxhlet extractions are intended as small-scale, analytical tools for quantifying lipids and have 
been utilized to compare the overall lipid yield in filamentous algae species versus unicellular, 
and additionally to test the success of various non-polar solvents in extracting neutral TAGs from 
cells. Soxhlet extractions serve as a quantitative analytical tool, as well as a means of isolating 
non-polar lipid compounds, but are not useful in identifying the individual components of the 
extracted materials. To isolate individual components and ascertain the presence of TAGs 
requires analytical procedures like Thin Layer Chromatography (TLC). Comparing TLC results 
of unknown cell extracts to data for known TAG or fatty acid standards characterizes lipid 
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components extracted from cells via solvents. Our initial results from solvent-based extractions 
suggest that overall lipid yield may be dramatically increased if the rigid algal cell walls are 
disrupted or destroyed to make the lipids more reachable by solvents. Techniques used were 
mechanical destruction via breakage with a hammermill, sand-assisted mortar and pestle 
grinding, and weakening cell walls with pressurized steam in an autoclave. 
 
A reasonable technique involves heating methanol and algae in a Soxhlet extractor. A dark green 
liquid resulted, and the methanol was evaporated with a Rotovap. The residue was suspended in 
methanol, introduced to the transesterification process, and then run through a silica gel column 
with the aid of slight positive nitrogen pressure. (Figure 3.10 shows a portion of this procedure.) 
This was to remove any large particles and water from the extract. Saturated salt water was then 
added to remove the polar molecules and methanol. The liquid mixture is placed into tubes and 
centrifuged for optimal phase separation. 

 
Experiments were performed to better extract oil from filamentous algae. Fresh, air-dried, and 
autoclaved filaments, extracted in either acetone or chloroform:methanol solvents for 24 hours, 
were disrupted in a Sorval blender, ground to a fine powder with a mortar and pestle in liquid 
nitrogen, or were not exposed to any cell disruption treatment prior to extraction. Results indicate 
that acetone extracts more effectively than chloroform:methanol; that autoclaving and disruption 
techniques (blending, powderizing, or grinding cells) improve extraction; and that lipid yield is 
enhanced when samples are fresh as opposed to dried. Figure 3.11 presents microscopic views of 
the filamentous cells treated by grinding in liquid nitrogen.  
 
Since methanol is a polar solvent, it extracts essentially all lipids from algae tissue. A previous 
study by Sheng et al. (2011) demonstrated 96% lipid recovery. The extract contains dark 
pigments, as well as viscous oil while the methanol is removed in a rotary evaporator. However 
much of the methanol is retained in the algal pulp and needs to be recovered for reuse. Thus the 
pulp is placed on metal screens mounted near the center of a steel cylinder, and by turning a 
metal disc over the pulp, liquid extract is collected beneath the screens.  
 
 

 
Figure 3.10 - Methanol/Soxhlet extraction equipment 
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  (a) before      (b) after 

Figure 3.11 - Filamentous algae processed by mortar and pestle grinding in liquid nitrogen 
 
Experiments aimed at extracting neutral lipids from flocculated microalgae directly with hexane 
resulted in a low yield of oil. The efficiency of hexane extraction may be improved by longer 
extraction time and more vigorous mixing. It may also be possible to recover more neutral lipids 
from cells, such as the pulp described previously, that were already processed once with 
methanol. As a consequence of membrane breakdown, chlorophyll pigment is released from the 
algal cells, and may be used as an indication of the extent of lipid extraction. In the present 
experiments an absorption spectrum for chlorophyll was established by reading algal chlorophyll 
samples on a spectrophotometer between the wavelengths of 400 and 700 nm in increments of 10 
nm (Figure 3.12). The peak absorption of light in the red portion of the spectrum was between 
650 and 680 nm, and light at 680 nm was chosen as the wavelength to monitor chlorophyll 
pigment extraction. The chlorophyll absorption spectra differ in the red range, with microalgae 
showing a more pronounced “shoulder” between 600 and 660 nm than the filamentous algae. 
This may indicate a difference in the chlorophyll a/b ratios between the two algae types. If 
changes in pigment composition occur over the microalgae growth period, they may serve as a 
useful indicator of optimal points to harvest for maximum oil yields. More information is needed 
to determine how these data relate to oil extraction.  
 

 
Figure 3.12 - Chlorophyll absorption spectrum for methanol extracts of microalgae and 

filamentous algae 
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The time required to solubilize maximal levels of lipids from both microalgae and filamentous 
algae during extraction by methanol was examined by monitoring the yield of chlorophyll after 
four successive solvent incubations over 172 hours. The extract was filtered through a Buchner 
funnel and then placed in a custom-built residue press to maximize recovery of methanol extracts 
(Figure 3.13). The results show that the rate of extraction of microalgal chlorophyll reaches a 
peak after 48 hours. In addition, subsequent extractions with fresh methanol solvent remove less 
than half the concentration of chlorophyll released during the first extraction (Figure 3.14). The 
retrieved oil amounted to a maximum of about 10% of the dry weight of the algae extracted. 
 
For filamentous algae, the extraction requires substantially longer, over 100 hours to release 
most of the chlorophyll. Subsequent extractions increased the chlorophyll levels, and oil 
retrieved from the algal filaments represented a maximum of 3% of the initial dry weight. 
Successive extractions with fresh methanol are likely to allow for increased oil yield from more 
cells within the algal filaments. 
 

 
Figure 3.13 - Residue press designed to maximize oil extraction by compressing algal filaments 

or dried microalgae cakes treated with methanol 
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Figure 3.14 - Time course for extraction of oils from microalgae as monitored by absorbance of 
chlorophyll dissolved in methanol extract: first extraction (closed circles); second extraction 

(open circles) 
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On a larger scale, methanol extraction of algal oils is more efficient if the algae are completely 
dry and powdered since algal filaments contain many cells joined together with tough cellulose. 
To this end, a hammermill (Figure 3.15) pulverizes the algae, and the result is shown in Figure 
3.16. After this, bulk extractions are employed using 2 kg of the powdered algae with six liters of 
methanol. After two days at room temperature, about 80% of the oil is removed. Finally, the 
extract is filtered through paper in a Buchner funnel and concentrated with a rotary evaporator. 

 
Figure 3.15 - Hammermill used to pulverize dried filamentous algae 

 

 
 

Figure 3.16 - Powdered filamentous algae after hammermill processing 
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3.3 - Solvent Extraction of Lipids from Bulk Quantities of Microalgae and Filamentous 
Algae  

Extraction of these lipids by solvent systems has been shown to be the most efficient method. In 
this study, the suitability of several different extraction methods was monitored closely with the 
use of TLC. Methods utilizing methanol and chloroform were employed in the extraction of 
lipids (Bligh and Dyer, 1959; Folch et al., 1956). Also, novel extraction methods, based on 
previously published papers were used as a new method of extraction. These procedures utilized 
both methanol and hexane for the extraction of usable lipids. Following extraction of oil from 
algae grown in wastewater, there is a need to remove contaminants before running reactions to 
transesterify the extracted mono-, di-, or triacylglycerols into fatty acid methyl esters (FAMEs) 
which constitute biodiesel. Contaminants can be removed with hexane and silica gel added to the 
impure lipid extract resulting in 2-3% clean oil content of Ankistrodesmus sp. (Mazzieri et al., 
2008) although this oil content is low in comparison to some other studies. The most common 
extraction solvents used have been methanol, ethanol, hexane, chloroform, and ethyl acetate. 
These solvents can be used in long-term bulk extractions, or in overnight extractions with 
constant agitation.  
 
Thin Layer Chromatography was utilized to qualitatively determine the lipid content obtained 
from the various extraction procedures. The solvent system used to run each silica gel plate 
consisted of 9:1 hexane to acetone. The solvent system effectively separated the mono-, di-, and 
triacylglycerols. Each run was compared to a number of standards that were run along with the 
experimental samples, namely mono-, di-, and triacylglycerols, glyceryl trioleate, oleic acid, 
methyl palmitate, triolein, along with other standards of varying chain lengths (Figure 3.17). 
After the runs, the Rf values were calculated. These values from each run can be compared to 
subsequent runs. The procedures aided in not only the qualitative analysis of the experimental 
extractions, but in future could also be utilized in the quantitative analysis of each substituted 
glycerol type. These quantitative measurements are possible with image analysis densitometry 
software programs such as NIH ImageJ. Although TLC was useful for general compound 
identification, it was not effective in describing the chain lengths of the available lipids. For 
future study it will be necessary for gas chromatography (GC) or high performance liquid 
chromatography (HPLC) to be used. Data from these methods will provide an accurate insight 
into the chemical structure of the extracted lipids from algal biomass grown in EW.  
 
i) Extractions with Methanol, Chloroform, and Water  
This analytical method was based on work by Mandal and Mallick (2009), who modified the 
original protocol of Bligh and Dyer (1959). The procedure was performed via two separate 
approaches. First, using extract from algae treated with methanol. For the purposes of solvent 
ratios, this extract was used under the assumption that it was mostly methanol. Two mL of the 
methanol extract were added to 1 mL of chloroform. This mixture was shaken vigorously and 
allowed to sit for 24 hours. After this period another 1 mL of chloroform was added and the 
mixture was vortexed for 1 minute. Finally, 1.8 mL of dH2O was added and also vortexed for 1 
minute. The mixture was allowed to settle (Iverson et al., 2001) and eventually separated into 
three layers, two of which were very distinct. The top layer was removed and discarded. The 
very bottom layer was the one that contained the lipids. In the second experiment, the same 
procedure was followed, but instead of using samples from a bulk methanol/oil extract, freshly 
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ground algal biomass was used. The most efficient amount of biomass used for the above ratios 
was 0.1 g/ml methanol because any more biomass would saturate the solvents, hindering the 
ability to distinguish between phases. 
 

 
Figure 3.17 - TLC plate containing silica gel content after extraction (1-4), comparison of impure 

and cleaned extracts of methanol/hexane (5-6), and standards (9-13) 
 
This method appeared to be an efficient way of lysing the algal cells in the recovery of lipids. All 
samples run on TLC plates showed the extraction of mono-, di-, and triacylglycerols. The 
samples also contained a significant amount of free fatty acids, which can hinder the production 
of biofuel in base-catalyzed transesterification. The relative abundance of triacylglycerols 
relative to other substituted lipids was less than expected. This is evident in the darkness and size 
of the chromatography spots produced on each run. It seems that this form of extraction, whether 
it is on microalgae or filamentous algae, extracts many more free fatty acids and 
mono/diacylglycerols. It is difficult to distinguish between free fatty acids and 
mono/diacylglycerols because the hexane:acetone solvent system used has not resolved these 
differences clearly enough. Therefore, the relative abundance of each of these individual lipid 
classes is uncertain.   
 
Although the Bligh and Dyer method was shown to efficiently extract all lipids, it also extracted 
other unwanted compounds. It was clear that all lipids were partitioned into the bottom layer 
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because they could be visualized using TLC. There was also an intermediate layer that formed as 
a greasy white substance (Figure 3.18). After further analysis it was determined that this layer 
did not contain the desired lipids. The undesired compounds that were also extracted into the 
bottom phase included pigments which hindered the visualization of the transesterification. The 
main contaminant appears to be chlorophyll. Any extraction in various organic solvents using 
this procedure needs to first be dried in a Rotovap and then re-dissolved in hexane so it can be 
cleaned by the silica gel procedure.  
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Figure 3.18 - Comparison of Bligh and Dyer and a methanol/hexane extraction methods: lipids 
are contained in bottom layer of Bligh and Dyer, while lipids are contained in top (hexane) layer 

of the methanol/hexane extraction method 
 

ii) Methanol/Hexane Biphasic Extraction 
This utilizes methanol and hexane as a biphasic mixture to efficiently extract the desired lipids 
necessary for transesterification. In this case the biomass was from dried microalgae grown at 
NIU in effluent pools. 100 g of Ankistrodesmus sp. ~90% was weighed and placed in a 1000-mL 
Pyrex screw cap jar. Next, 200 mL of methanol and 700 mL of hexane were added to the algal 
biomass in the jar. The extraction was allowed to continue for 24 hours. The contents were then 
filtered by vacuum filtration through a Whatman #1 filter paper. The filter paper was then rinsed 
with 25 mL of recycled hexanes to release any lipids caught during the filtration process. 100 mL 
of dH2O was added to the remaining filtrate, for additional separation of phases. The remaining 
mixture was separated in a separatory funnel in two aliquots. This was necessary because of the 
volume being used. Each aliquot was additionally washed with 50 mL of dH2O. The remaining 
top layer containing the lipids was separated and cleaned according to the hexane/silica gel 
procedure.  
 
This new method appears promising, in that it is possible to extract the algae and directly clean 
the lipid product without having to evaporate solvents. The polar properties of the methanol are 
efficient in cell lysis, while the non-polar properties of hexane are efficient in pulling out the 
desired lipids. TLC analysis comparing both the impure and the cleaned extract showed dramatic 
differences in the contents. The cleaned hexane layer retained the mono-, di-, and 
triaclyglycerols while removing the unwanted pigments. Analysis of the spent silica gel revealed 
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no triacylglycerols. It is difficult to say whether some of the mono/diacylglycerols were pulled 
into the silica gel layer, because the pigments may run at nearly the same Rf values as the desired 
lipids. 
 
iii) Pure Solvent Systems 
Pure solvent systems were also utilized for extractions: methanol, hexane, ethanol, and ethyl 
acetate. These extractions were performed overnight via bulk extractions or in a reflux/Soxhlet 
apparatus. Extracted contents were then dried down and analyzed or cleaned.  
 
There were two different hexane extractions performed on different algal substrates. The first 
extraction utilized fresh, dried algal biomass. This pulp did not have any previous extractions 
done on it. The second was a previously-ethanol-extracted pulp. Both of these different pulps 
were extracted under the same conditions with hexane under reflux. The TLC plates revealed 
that although both extractions obtained lipids, the pulp previously extracted with ethanol had a 
much smaller amount. Both extractions showed the same type of lipid content, but (as expected) 
the fresh biomass extraction contained a much greater quantity of lipids. However, it is evident 
that the first ethanol extraction did not remove all of the lipids, and preliminary data from TLC 
suggests that about 50% of the lipid remains in the cells.   
 
Ethyl acetate extractions were also performed in the same fashion as the hexane extractions, 
utilizing both the fresh biomass and previously-ethanol-extracted pulp. The fresh algal sample 
that was extracted showed an appreciable amount of lipids. The pulp previously extracted in 
ethanol yielded an appreciable amount of lipids with a re-extraction utilizing ethyl acetate. There 
are only a few notable differences in the TLC analyses between the two extractions. Each 
extraction does show that it has the necessary mono-, di-, and triacylglycerols. All of the 
extractions done with hexane and ethyl acetate ran on TLC in a very similar fashion. The one 
major difference is the previously-ethanol-extracted pulp re-extracted in hexane did not produce 
nearly the same quantity of lipids. This finding suggests that a second extraction with hexane is 
not the most efficient. A second extraction with ethyl acetate produces a much higher yield of the 
necessary lipids.  
 
iv) Hexane Silica Gel  
The addition of the impure, extracted algal oil to hexane and silica gel (Mazzieri et al., 2008) was 
a very useful technique in the removal of chlorophyll and other accessory pigments, which were 
the main contaminants in the extracted mass. The crude oil extract was first dissolved in hexane; 
note that it is important to have a sufficient amount of hexane. The ratio used was 5 mL of the 
oil/hexane mixture to 1g of silica gel. This mixture was shaken vigorously and allowed to sit 
overnight. If the remaining supernatant was still very dark, more silica gel was added. The 
addition of silica gel continued until the supernatant was a light yellow color. Once this coloring 
was achieved, more hexane was added. The mixture was then re-agitated and again allowed to sit 
overnight. The addition of extra hexane was to release any lipids bound to the silica gel. The 
supernatant liquid was decanted from the silica gel residue and dried down under vacuum, 
leaving behind clean algal oil. This method not only produced all of the necessary lipids for 
transesterification, but also produced oil that was clear and much less viscous (Figure 3.19). 
Although this oil was originally from the methanol extractions, it seemed to show a greater 
amount of triacylglycerols. This may be due to silica gel treatment removing some of the soluble 
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free fatty acids, giving the spot where the triacylglycerols are located a darker appearance, 
relative to the area where the mono/diacylglycerols and free fatty acids are located. This method 
seems to be the most reasonable for the extraction and purification of the necessary lipids, while 
removing the extraction contaminants at the same time.  
 

 
Figure 3.19 - Algal oil cleaned by the hexane and silica gel procedure 

 
The solvent extraction of lipids from algae for use in the production of biofuels is clearly a 
feasible option. The methods by which these lipids were extracted still require improvements. 
Though the Bligh and Dyer method clearly extracted all lipids into a single phase, it also 
extracted many unwanted compounds that hinder transesterification. The impure extract obtained 
from this method was unusable as it was. Phase separation and distillation of remaining solvent 
was a feasible option, but the number of steps necessary is arduous. Also, the recovered solvent 
is not pure. While most of the solvent systems used were effective at extracting lipids, they also 
encountered the same shortcomings as the Bligh and Dyer method - impure extracts to hinder the 
conversion to biofuel. The use of methanol and chloroform is precluded by their environmental 
and health risks (Sheng et al., 2011). 
 
Based on Mazzieri et al. (2008), the adsorptive properties of silica gel in hexane seemed to be the 
best route to pursue for purifying algal lipid extracts. Having observed the extraction properties 
of methanol, and how efficiently it induces cell lysis, it was clear that a dual solvent system was 
necessary. Although hexane can also be used in cell lysis, it’s typically done under reflux 
conditions. The addition of methanol and hexane to algal biomass proved to be very efficient and 
produced two very pigment-contaminated layers upon completion of extraction. This was 
overcome by the use of hexane as the solvent expected to extract the necessary lipids. The 
biphasic mixture of methanol and hexane could easily be separated by means of separatory 
funnel. The top hexane layer, containing the desired lipids was taken off and retained for further 
refining. This lipid extract layer was then cleaned with silica gel until it was nearly clear. Drying 
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of this layer yielded clean oil that was usable for transesterification. This method was greatly 
favored because of the ease of separation, cleaning, and transesterification. After further analysis 
of the remaining silica gel from all cleaning procedures, it was determined that no 
triacylglycerols remained in the gel. Though it was not clear whether mono/diacylglycerols 
remained in the silica gel, it can be assumed unlikely. This assumption can be made because the 
remaining silica gel did not show any sign of containing free fatty acids. Since 
mono/diacylglycerols and fatty acids have free -OH groups, these may remain in the silica gel 
because of their polarity. However, because the polarity of the -OH or carboxylic acid groups 
become negligible as the carbon chain length increases, it is possible that short chain 
mono/diacylglycerols and free fatty acids remain in the silica gel. However, the chain lengths on 
these would have to be significantly shorter than the standard 10-20 carbon chain length lipids.  
 
3.4 - Increasing the Yield of Algal Oil 
 
As the local microalgae have higher oil yield, these need to be grown on a larger scale 
(McConnell et al., 2011). For this, effluent water is collected from the DeKalb Water District, 
sterilized by autoclaving, and placed in open buckets in the NIU greenhouse (Figure 3.20). 
 
After two weeks the water supports spontaneous growth of microalgae indigenous to the 
greenhouse environment. These algae are cultured in water bottles using sunlight, supplemented 
with sodium lamps to provide 12 hours of light, and aeration through small stones using pumped 
air. This controlled process has isolated a single dominant algal cell morphology. The replicated, 
concentrated algae are harvested by pumping into a 75-gallon tub and mixed with ferric chloride 
to a final concentration of 1 mM. The flocculated cells form a precipitate and are filtered through 
a 45-micron nylon mesh and allowed to air dry to be further processed into oil.  

 
Another methodology to maximize cell growth – and thus oil content – is with sodium 
bicarbonate and potassium nitrate concentrations; Chen et al. (2010) demonstrated maximum 
cumulative biomass production for 1.5 and 2.0 g/L sodium bicarbonate with Chlorella species 
similar to those used in this study. Therefore, cultures (80 mL) at 1:9 dilutions were inoculated 
into 200-mL Erlenmyer flasks containing 72 mL of sterile media – either Bold’s Basal or 
DeKalb EW - with varying concentrations of sodium bicarbonate between 0 and 2.0 g/L. Flask 
cultures were placed in a controlled environmental chamber with light and agitation to stimulate 
cell growth. Cell diameter was measured optically. Figure 3.21 indicates that the highest growth 
rate and cell density were obtained when sodium bicarbonate was available at a starting 
concentration of 0.5 g/L. All cultures exhibited a decline in cell density after five days, with the 
exception of the flask containing no sodium bicarbonate. This culture, though developing slowly 
and to low density, continued its growth which may be sustained by some other nutrient such as 
phosphate.   
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Figure 3.20 - Large-scale growth of algae in the NIU greenhouse 
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Figure 3.21 - Growth of microalgae in sterilized effluent water with varying concentration of 
exogenous bicarbonate over a 4-day period 

 
As seen in Figure 3.22, cells aggregate to form large (8 µm) clumps that are colonies of smaller 
(2 µm) individual cells. Cell aggregation may be a useful property of this alga if it aids 
harvesting flocculation and/or filtration. (Cultures engaged in active growth showed almost no 
tendency to aggregate.)   
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Figure 3.22 - Micrograph of microalgal cells growing in effluent water and 2.0 g/L NaHCO3 

 
Growth and harvest procedures have been scaled-up to recover more biomass by using 200-300 
gallons of EW each week. Natural light has been supplemented with mercury halide, and cell 
flocculation, filtration, and dewatering have become standardized procedures. Since at this larger 
scale autoclaving is not practical, the water is sterilized with bleach before inoculating with 
algae. This treatment helps to eliminate or reduce zooplankton, which may consume algae and 
reduce the yield of oil. After bleaching, the effluent water is further treated with sodium 
thiosulfate to inactivate any residual bleach. Sodium bicarbonate is added to a final concentration 
of 1.0 g/L. This doubles the density of algae when they are harvested. 
 
Concentrating algae for oil extraction begins with flocculation with ferric chloride hexahydrate at 
1.0 mM which initiates a positvely-charged, water-saturated iron complex (Figure 3.23). Three 
of the water ligands are replaced by the chloride ions which neutralize the charge of the iron 
complex. The method for algal attachment to the metal complex is not clear but it may have to 
do with the large density of electrons in the complex.  
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Figure 3.23 - Ferric chloride hexahydrate flocculation of positvely-charged algal cells  

 
 

The ferric chloride hexahydrate is added to algae water with the first step comprising insect 
screening to catch the bigger clumps and then through a 40-micron mesh that catches the 
remainder of the flocculated cells. The flocculated algae have to be dewatered, and so a 
centrifugation step was introduced, but it left the algae above 80% percent moisture. A freezing 
and thawing step was also attempted to break the cells and release the lipids. However, no lipids 
were found when cells were centrifuged down. Subsequently, the flocculated algae were dried 
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for two days on insect netting, and then oven-dried for 12 hours at 60 oC till the mass (Figure 
3.24) could be pulverized for solvent extraction to remove lipids.   
 

 
Figure 3.24 - Oven-dried microalgae from outdoor pools ready for solvent extraction  

 
Figure 3.25 is a photographic view of the mechanical oil press for algal cell breakage and oil 
release. An algal moisture content of 6% to 10% is optimal with the press. The process breaks 
the cells open and the water is simultaneously heated to create steam which forces out the oil for 
collection. A sample of algae with 40% moisture weighing 226 grams was placed into the oil 
press giving 300 µL of oil. Figure 3.26 shows a small vial of collected algal oil.  
 

 
Figure 3.25 - Oil press used to mechanically extract oil from algal cells 

 

 
Figure 3.26 - Vial of algal oil mechanically extracted with the oil press 
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3.5 - Growth and Harvesting of Microalgae in Bulk using Pools of Effluent  
 
The continuing goal is to develop an efficient, reproducible process to grow and harvest 
microalgae in bulk from 50-gallon pools of effluent and prepare them for successive lipid 
extractions. Earlier procedures have utilized smaller containers, such as 5-gallon Carboys, or 
partially filled 5-gallon buckets. We recognized that there may be differences in growth 
responses of algae placed in shallow pools scaled up to ten times the volume of the other 
containers. The pools were placed outdoors to use sunlight for growing the algae at ambient 
temperatures - conditions that eventually could be used on a much larger scale utilizing effluent 
at water treatment plants. The microalgae comprised a number of different coexisting species, 
predominantly Chlorella sp. 
 
Preliminary growth analysis was performed with pools containing microalgae growing outdoors 
in wastewater containing favorable levels of phosphate, nitrate, and ammonia. The density of 
algae within the pools was estimated using Secchi disk readings, as well as absorbance at 680 nm 
using a spectrophotometer. Readings were taken on pools growing in the greenhouse, and also 
those outdoors, to correlate optical measurements with weights of the dry algae eventually 
harvested. With inside pools, Secchi disk readings were taken up to 3 times a day, and 
spectrophotometer readings once a day. Changes in phosphate and nitrate were monitored for 
those days to assess nutrient levels during the week as the algae grew, as well as measuring pH 
levels; some of these data are shown in Figure 3.27. 
 
From the changes of absorbance (E680) values for algal suspensions in each pool (Figure 3.28), 
it can be seen that algae cells proliferated for 5 days, and then started dying and sinking to the 
bottom of the pools. It is possible that around day 5, the nutrient levels in the effluent became 
limiting, resulting in growth decline. However, analysis of daily samples suggested that there 
was not a clear nutrient decrease and that phosphate and nitrate levels were not the limiting 
factor. In fact, nutrient levels were fairly constant and not rapidly depleted by the growing algae 
at day 5 and beyond. This is supported by the observation that similar algal cultures growing in 
outside pools in cooler temperatures remained productive for over 5 weeks. Some other possible 
limiting factors include self-shading, unfavorably high temperatures, or depletion of other 
nutrients like ammonia.  
 

 
Figure 3.27- Phosphate and nitrate over 7 days during growth of algae in effluent pool 
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Figure 3.28 - Absorption of light at 680 nm  in algal suspensions sampled from 50-gallon pools 

in which microalgal species were grown inside a greenhouse for 8 days 
 
 

Average Secchi disk readings for each day (Figure 3.29) are inversely proportional to increasing 
or declining absorption readings associated with changes in algal density in the effluent pools. In 
general, the results were similar in replicate pools suggesting a reproducible growth pattern for 
batches of algae cultured simultaneously. On the fifth day after starting the batch cultures in 
indoor pools, Secchi disk readings reached their lowest values and then started rising back up as 
the algae died and precipitated to the bottom of the pool, so decreasing the turbidity of the water. 
Since Secchi readings reached a final value of only around 7-10 cm at maximal algal density, it 
is unlikely that self-shading is limiting to their growth. Other measurements with bucket-grown 
cultures of the same algae yielded Secchi readings as low as 2 cm, indicating a much higher 
density of algae was attainable using the same EW.   
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Figure 3.29 - Secchi disk readings over 8 days in November 2011 during which microalgae were 
grown in the greenhouse in pools of effluent with supplemental light (14 hours per day) 

 
Buckets represent an environment that differs from the pools because of their smaller volume (2 
to 3 gallons versus 50 gallons) and greater rates of aeration and mixing. However the maximal 
growth possible in pools should be equivalent to buckets if the limiting factors can be determined 
and overcome. A more useful growth measurement for algae is the amount of biomass per gallon 
at the point of harvesting the cells for extraction of lipids (Table 3.3). For example, if one liter of 
effluent was taken from pool 41, 0.46 g of dry microalgae could be harvested from it. If the 
Secchi disk readings of these pools were decreased from 7 cm to 3 cm because of algal densities 
increasing to values equivalent to bucket cultures, the biomass would approach 1 g/L. (Published 
biomass levels for Chlorella reach 1.5 g/L grown under optimal conditions in a bioreactor and 
then placed outside in raceways.) 
 
To check the algal species composition in pools, a hemocytometer slide was used to count the 
relative numbers of algal cells of each species in the pool cultures using a microscope. The 
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results are presented in Table 3.4 and show the pools to contain almost entirely Chlorella species 
during the growth period of the experiment. 
 
Table 3.3 - Yield of algae in terms of their biomass per liter of effluent media at harvest 

Pool 
number 

 

Pool 
depth 
(cm) 

Pool 
volume 
(liters) 

Pool 
volume 

(gallons) 

Algae 
dry 

weight (g) 
Biomass 
(g/liter) 

41 11.0 162.45 51.57 75.52 0.46 
43 10.1 149.16 47.35 70.45 0.47 
44 11.4 168.36 53.45 76.52 0.45 

 
Table 3.4 - Hemocytometer slide estimates of proportions of algal species growing in pools   

   Pool 
Chlorella 
(No.of cells)  % Chlorella 

Ankistrodesmus 
(No. of cells) % Ankistrodesmus 

Scenedesmus 
(No. of cells) % Scenedesmus Total cells 

41 88 98.9% 
 

       1 1.1% 0 0.00% 89 

43 58 98.3% 1 1.7% 0 0.00% 59 

44 86 98.8% 0 0.00% 1 1.2% 87 

innoculant 116 99.2% 0 0.00% 1 0.8% 117 
 
3.6 - Conversion of Algal Oils to Biodiesel Fuel 
 
For the synthesis of biodiesel from algae oil, transesterification is the chemical process 
converting fatty acids to fatty acid methyl esters (FAMEs). This reaction targets triacylglycerols, 
specifically the three fatty acid chains attached to a glycerol backbone. Upon introduction of the 
base catalyst, fatty acids are removed, producing FAMEs. Figure 3-30 summarizes the chemical 
reaction utilizing sodium methoxide to react with the fatty acids at 60 oC.  
 
The sodium methoxide dissociates into alkoxide and sodium ions. The latter have a role in the 
reaction as a protonated catalyst and the alkoxide performs a nucleophilic attack on the carbonyl 
group of the triglyceride making an alkyl ester bond and an anion of diglyceride. The diglyceride 
anion deprotonates the Na+ ion and further reactions continue until all three fatty acid chains of 
the triglyceride have been converted to FAMEs. The glycerol backbone remains. Depending on 
the number of hydrocarbon tails attached to the glycerol group, between one and three FAMEs 
can be obtained. These FAMEs may have hydrocarbon chains of the same length, and typically 
have either saturated C-C bonds, or one to three unsaturated C=C bonds. The by-product glycerol 
is still suspended in the mixture and centrifugation is used to collect it. The supernatant is now 
considered biodiesel and can be used as fuel. 
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Figure 3.30 - Fatty acids converted to fatty acid methyl esters via a transesterification reaction 
 
The crude algal oil was combined with a mixture of methanol and NaOH (concentration of 1.0 
M) at a ratio of 10:56 (w:w), placed in 125 mL flasks, which were heated in a shaking water bath 
(Model 2876, Thermo Fisher Scientific Inc., Waltham, MA) at 60 oC for 90 min to conduct the 
transesterification reaction. Following the reaction, samples were centrifuged (Model CL2, 
Thermo Fisher Scientific Inc., Waltham, MA) for 10 min at 4000 rpm, and the supernatant was 
run through filter paper (Grade 1, 11 mm, Whatman, GE Healthcare, Piscataway, NJ) under 
vacuum. Liquid samples were then pooled into separatory funnels, small quantities of water were 
added, and then glycerol and unreacted components were removed by draining via density 
separation. 
 
The resulting biodiesel had a density of 873.8 g/L, which was slightly lower than the typical 
biodiesel density of 880 g/L. To investigate why this may have occurred, gas chromatography 
was used to quantify the fatty acid composition of the biodiesel. Less than 1% of the finished 
product was composed of free fatty acids. Thus, it appears that the resulting density may have 
been due to unreacted methanol and NaOH which had not been completely removed during the 
separation process. In terms of overall efficiency, considering both the algal oil as well as the 
chemical reactants used, approximately 68% of the input algae was converted into finished 
biodiesel. 
 
3.7 - Development of Biofuel Production Facilities 
 
SuperPro Designer® has been employed to model the complete cycle of harvesting, extracting the 
oil from the algae, and processing into fuel. This software package models unit operations, 
bioreactors, material and chemical balances, batch operations, and process economics, and is 
well-known in biotechnology applications.  
 
SuperPro Designer® has already simulated ethanol production. Kumar and Murthy (2011) 
modeled ethanol conversion to process 250,000 metric ton/yr of grass straw; here the cost of 
ethanol produced was dependent on the fermentation efficiency and the specific pretreatment 
process. To optimize energy usage, the lignin was burned to make steam; ethanol production 
costs ranged from 0.81 to 0.89 USD/L depending on the pretreatment while plant capital costs 
varied from 1.70 to 1.92 USD/L. A dry-grind processing of corn was scaled to a 151 x 106 L/yr 
ethanol plant (Kwiatkowski et al., 2006). It was found that the price of corn had the most 
significant effect on the cost to manufacture fuel which ranged from 0.24 to 0.37 USD/L. Their 
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model included costs of equipment, feedstocks, utilities, and facility, and ethanol coproducts of 
DDGS and carbon dioxide were recognized to be potential revenue sources along with the fuel. 
Misailidis et al. (2009) modified this model for wheat feedstock, producing 135 x 106 L/yr of 
ethanol. Economic simulation demonstrated a six-year payback time with ethanol costs at 0.56 
USD/L.      
 
A community-scale simulation has been developed using data obtained from processing the 
algae. These data serve as input parameters into the simulated processing equipment modules of 
SuperPro Designer®. The harvesting, drying, oil production, and transesterification steps have 
been modeled using large-scale commercial tanks and stations. Both mass balances and 
economic calculations are available. Such modeling can assess the technical and economical 
feasibilities of utilizing algal-sourced biodiesel rather than the traditional soy-based. Figure 3.31 
displays a schematic view of the model. 
 

3.8 - Biofuel Engine Testing 
Tests were conducted using standard #2 petrodiesel and algal biodiesel blends. The petrodiesel 
used was obtained from a fuel distributor (SPEX CertiPrep, Inc., Metuchen, New Jersey) and      
certified to be 100% free of any biobased content. Three algal blends were prepared by splash 
blending: B5 filamentous, B5 microalgae, and B20 microalgae. All runs were conducted at full 
loading and 2500 rpm. Along with fuel efficiency, exhaust emissions were measured: CO, 
hydrocarbons (HC), NOx, and CO2.  
 
Northern Illinois University operates a Briggs and Stratton Daihatsu 18-hp(13.4-kW), inline, 
three-cylinder, direct-injection (DI) diesel test engine. It is instrumented for engine performance 
with different biodiesel fuels. Its maximum power rating occurs at 3600 rpm while the maximum 
torque of 28 ft-lbs is at 2800 rpm. A photographic view of the engine is Figure 3.32. To load the 
engine, another major component is the dynamometer with accompanying DYNO-Max 2010 
software which provides real-time engine performance. The dynamometer is coupled to the 
rotating shaft of the flywheel as seen in Figure 3.33, and water flows through to act as the engine 
load. The dynamometer is connected to a personal computer via a USB RS 232 serial box.  
 
For exhaust gas emissions, a NOVA analyzer produces real-time readings including CO, CO2, 
NO2, NO, O2, and unburned hydrocarbons (HCs). The system consists of a probe that is inserted 
into the exhaust pipe and connected to the analyzer. The focus is primarily NOx, the combination 
of nitric oxide (NO) and nitrogen dioxide (NO2). Additionally, CO and hydrocarbons present in 
the exhaust represent incomplete combustion and/or excess fuel in the cylinders. To run a test, 
the engine was started, run at idle under full load for approximately 10 minutes, and shut off to 
weigh the fuel tank. The tank was quickly reinstalled, the engine was restarted, set to 2500 rpm, 
and three sets of data were taken, each at a 10-minute interval. The data were averaged over the 
three sets. Fuel consumption was measured by weighing the fuel tank after the 30-minute period.  
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No. Title Stage 

P-2 Flow Splitting Drying; moisture reduction 

P-3 Grinding Hammer Mill 

P-5 Mixer-Settler 

Extraction 

Separate Oil from Biomass 

P-1 Stoichiometric 

Reaction 

Transesterification; Produce 

Biodiesel 

P-6 Oil Separation Phase Separation; Biodiesel 

Product 

Figure 3.31 - SuperPro Designer® model of commercial algal biodiesel facility 
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Figure 3.32 - Briggs and Stratton 18-hP (13.4-kW) diesel test engine 

 

 
Figure 3.33 - Dynamometer coupled to diesel engine showing water connections 

Figure 3.34 presents the data for fuel consumption and indicates that the B5 blends are 
comparable to petrodiesel while the B20 microalgal fuel is about 10% less efficient. Results of 
emissions comparisons are displayed in Figures 3.35 to 3.38 and include the corresponding #2 
petrodiesel baseline. The CO2 emissions (Figure 3.35) show little variation within experimental 
uncertainty among the four data sets. Greater carbon dioxide emission represents more complete 
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combustion. (CO was negligible for all runs.) Likewise, O2 levels are the same, regardless of the 
fuel, as seen in Figure 3.36. 
 

 
Figure 3.34 – Fuel consumption for algae-based fuel compared to petrodiesel  

 

 
Figure 3.35 – Carbon dioxide emissions for algae-based fuel compared to petrodiesel  
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Figure 3.36 – Exhaust oxygen for algae-based fuel compared to petrodiesel  

 
Elevated unburned hydrocarbons indicate inefficiencies in the combustion process. Figure 3.37 
demonstrates that the B20 microalgae blend released a significant amount of HC while the 5% 
blends yielded 20-25% less hydrocarbons. The most promising reduction in exhaust emissions 
occurs for the nitrogen oxides where all blends indicate a decrease in NOx (Figure 3.38). There is 
essentially no difference with source of the algae (filamentous or micro) or the degree of mixing 
(B5 or B20). Overall NOx generation is 20% less for the biodiesel. Elevated HC for the B20 
blend and overall decreases in NOx are findings consistent with other algae-fuel testing (Fisher et 
al., 2010). 
 

 
Figure 3.37 – Hydrocarbon emissions for algae-based fuel compared to petrodiesel  
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Figure 3.38 – Nitrogen oxides emissions for algae-based fuel compared to petrodiesel  
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4 - Energy Education Project (Task 4) 
 
 
Support Personnel  
 Dr. Cliff Mirman, Ph.D. - Task leader – Department of Technology  
 Dr. Purush Damodaran, Ph.D. – Department Industrial and Systems Engineering 
 Dr. Xueshu Song, Ph.D. – Department of Technology 
 
 
This task of the project developed the educational instructional materials related to the energy 
topic and the conservation needs in the midwestern portion of the country. Specifically, the 
investigators sought to develop education in this region which would be accessible to all students 
for on-line presentation. Within this task, we developed two specific courses for on-line delivery 
in the College programs, 
 

• Tech 305 - Green Technologies - Introduction to environmentally friendly engineering 
and technological advances and new technologies that utilize green principles and green 
transportation. Course includes topics in new areas of green manufacturing and materials 
used today and planned for the future, including the operation and manufacture of solar 
cells and the production of wind, thermal, and hydroelectric power. This course is the 
first general course in the Department of Technology’s new Energy Technology program. 
Other courses will be added to this program to allow the department to interact more with 
the regional community colleges. 

 
• ISYE 539 - Six Sigma Performance Excellence and Modern Problem Solving - The Six 

Sigma formula for success is a mixture of hard skills, soft skills, tools, mentoring, 
DMAIC, and the Black Belt organization. Introduction to these areas and foundation on 
how to implement them. Focus on robust foundational problem solving techniques that 
enhance the functional role of individuals to quickly solve complex problems. Cost, 
quality, and throughput improvement will be addressed. This course is the foundation of 
lean manufacturing, and many companies in this region are getting into the approaches. 
Through this on-line course more companies will be able to train their workers to use this 
quality approach to manufacturing.  

 
Both of the above courses represent needed industrially based curriculum which is related to 
energy systems and energy conservation in industry. This development will allow the 
distribution of the energy education to various rural areas, and expand the modes of cooperation 
between the regional community colleges and High Schools, as well as four-year Universities. 
The development will focus on information learned from the current and past DOE projects, and 
it will look at green materials, sustainability, supply chain needs, renewable power production, 
and industrial energy efficiency. It should be known that in any curriculum development 
undertaking at the University, the desired creations must go through many levels of approval. At 
this point in time, both of the courses have been fully approved by the faculty across NIU, and 
are ready to be taught in the respective curriculums. 
 
The following progress has been made to date on these courses. 
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4.1 - Development of Tech 305 - Green Technologies  
 
As was mentioned above, this course has been approved through the departmental, college, and 
university curricular process. Dr. Song (Department of Technology) has completed the process 
of creating the overall story board for the course, as well as completing all of the power-point 
slides presentations for each of the different areas of coverage in the class. The resulting on-line 
course development was completed during August, 2011. A team led by NIU’s E-Learning 
Services, a division on campus that works with faculty in the development of quality on-line 
courses, assisted in the course development. The initial offering of the Technology 305 course 
(on-line) occurred during the spring semester of 2012. The initial on-line offering had about 35 
students. This course will again be offered on-line in the spring 2013 semester.   
 

While the development of the course included basic powerpoint information that the 
students were required to process outside of course time, they held structured chat 
sessions with the instructor and other students during the class time and also outside of 
the class. In addition, they were presented with annimaated and voiced over 
presentations. In addition, one of the goals of the NIU Department of Technology on-line 
development and program is to have the students interact with the faculty members 
during “on-line” classes. To handle the on-line courses, the faculty members used  the 
ADOBE Connect software system to have all of the students participate in a series of on-
line classes. Each session could be saved on the NIU Blackboard system, thus, if students 
could not attend the on-line class meeting times, they could view it at a later time.  
 
The following partial syllabus illustrates the topics that were covered in the on-line Green 
Technologies course 
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Tech 305 - Sample Course Sections - Pyrolysis 

Pyrolysis

 

Definition

• Pyrolysis is a thermochemical conversion
technology used to produce energy from 
biomass. It involves the heating of organic 
materials in the absence of reagents, 
especially oxygen, to achieve 
decomposition. When pyrolysis takes 
place in the presence of water, it is called 
hydrous pyrolysis. 

 
 

Energy Efficiencies

• The combined heat and power generation via 
biomass gasification techniques connected to 
gas-fired engines or gas turbines can achieve 
significantly higher electrical efficiencies ranging 
22 % to 37 %

• Using the produced gas in fuel cells for power 
generation can achieve an even higher overall 
electrical efficiency in the range of 25 % to 50 %, 
even in small scale biomass pyrolysis plants and 
during partial load operation. 

 

Advantages

• Generally simple 
• low-cost technology 
• capable of processing a wide variety of 

feedstocks producing gases 
• Produces electricity and thermal heating

 
 

Products of Pyrolysis

• Intermediate Products
– Syngas
– Charcoal

• Main Products (final products)
– Bio-oil
– Charcoal

• By Products
– Electricity 
– Thermal energy

 

Pyrolysis Flowchart

 
 

 

Social Impact

• Properly structured, this technology 
provides waste collecting jobs for low-
income people and opportunities for skilled 
technicians. This benefits communities 
through waste clean up (public health 
benefits), the use of local feedstocks and 
by providing decentralized power and fuels 
as well as charcoal to increase soil fertility 
and organic matter levels. 
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Tech 305 - Sample Course Sections – Anaerobic Digestion 

Anaerobic digestion

 

Introduction

• Anaerobic digestion is a series of processes in 
which microorganisms break down biodegradable 
material in the absence of oxygen.

• Used for industrial or domestic purposes to 
manage waste and/or to release energy.

• Widely used as part of the process to treat 
wastewater.

• Anaerobic digestion reduces the emission of 
landfill gas into the atmosphere as part of an 
integrated waste management system.

 
 

Process
• Process begins with bacterial hydrolysis of the input 

materials in order to break down insoluble organic 
polymers such as carbohydrates and make them available 
for other bacteria.

• Acidogenic bacteria then convert the sugars and amino 
acids into carbon dioxide, hydrogen, ammonia, and organic 
acids.

• Acetogenic bacteria then convert these resulting organic 
acids into acetic acid, along with additional ammonia, 
hydrogen, and carbon dioxide. 

• Finally, methanogens convert these products to methane 
and carbon dioxide.

 

Anaerobic Process

 
 

Applications
• Used as a renewable energy source because the process produces a 

methane and carbon dioxide rich biogas suitable for energy production.
• The nutrient-rich digestate which is also produced can be used as 

fertilizer.
• Anaerobic digestion is particularly suited to wet organic material and 

is commonly used for effluent and sewage treatment.[
• Usable waste materials include waste paper, grass clippings, leftover 

food, sewage and animal waste. 
• Wood wastes are largely unaffected by digestion as most anaerobes are 

unable to degrade lignin.
• In developing countries simple home and farm-based anaerobic 

digestion systems offer the potential for cheap, low-cost energy for 
cooking and lighting.

 

Benefits

• Helps to reduce the emission of greenhouse gasses in a 
number of key ways:
– Replacement of fossil fuels 
– Reducing or eliminating the energy footprint of waste 

treatment plants 
– Reducing methane emission from landfills 
– Displacing industrially-produced chemical fertilizers 
– Reducing vehicle movements 
– Reducing electrical grid transportation losses 

 
 

Digester

 

Power Output

• The power potential from sewage works is limited 
– In the UK there are about 80 MW total of such 

generation, with potential to increase to 
150 MW, which is insignificant compared to 
the average power demand in the UK of about 
35,000 MW.

• Non-sewage waste biological matter – energy 
crops, food waste, abattoir waste, etc. is much 
higher, estimated to be capable of about 
3,000 MW.
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4.2 - Development of ISYE 539 - Six Sigma Performance Excellence and Modern Problem 
Solving  
 
At the end of this project, this course has been approved through the departmental, college, and 
university curricular process. Dr. Damodaran (Industrial and Systems Engineering Department) 
has completed the process of creating the overall story board for the course, as well as the  
power-point slide presentations for all of the areas of coverage in the class. The first course It 
expected that this course development will be completed at the start of August, 2011, and the 
first course will be offered in an on-line format in the spring or summer semester of 2012.  
 
Progress to date –  
 

Power Point Slides have been developed, one section example is shown below, along with 
the syllabus for the course.  NIU eLearning Services have been working with Dr. Damodaran 
on the development of this on-line course. The following details the syllabus for this course.  
  

 

 
 

Course Syllabus 
ISYE 539  - Six Sigma Performance Excellence and Modern Problem Solving 

 
Instructor:   Dr. Purushothaman Damodaran 
Contact:  EB  236; (815) 753-6748; pdamodaran@niu.edu 
Office hrs:  W 11:00 – 1:00 PM 
Course Website:  http://webcourses.niu.edu 
 
Catalog Description: The Six Sigma formula for success is a mixture of hard skills, soft skills, 
tools, mentoring, DMAIC, and the Black Belt organization. Introduction to these areas and 
foundation on how to implement them. Focus on robust foundational problem solving techniques 
that enhance the functional role of individuals to quickly solve complex problems. Cost, quality, 
and throughput improvement will be addressed. 
 
Prerequisites:  ISYE 335 or STAT 350, or UBUS 223. 
 
Instructional Goals: Students will learn different tools and techniques to identify and conduct 
Six Sigma projects for an enterprise. 
 
Instructional Objectives: At the end of this semester, the students should be able to: 

1. Identify and define a Six Sigma project. 
2. Apply various tools and techniques taught during the semester to reduce process 

variations through DMAIC. 
3. Use Minitab to conduct statistical and other analysis required for Six Sigma projects. 

 
Tentative Topics: 

1. Six Sigma origins 
2. Measures and metrics  
3. Problem solving using DMAIC 
4. Statistics – data collection, analysis, central limit theorem, normal and non-normal 

distributions, etc. 
5. Control charts, process capability 
6. Design of experiments 
7. Failure Modes and Effects Analysis 
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The following powerpoint presentations detail two of the presentation areas which were 
developed for the on-line course. 
 
ISYE 539 - Sample Course Sections – Six-Sigma 

Six Sigma - Definitions

• Six Sigma is:
– A systematic methodology utilizing effective data analysis tools and 

techniques,
– to improve business performance ($),
– by eliminating/preventing ‘defects and inefficiencies’ in 

manufacturing and service-related processes,
– to meet and exceed customer needs.

• Six Sigma is:
– Methodology that blends together many key elements of past quality 

initiatives, while adding its own approach to business management.
– About results, enhancing profitability through improved quality and 

efficiency.

2      

Six Sigma

• Six Sigma emphasizes
– Reduction of variation,

– A focus on doing the right things right,

– Combining customer knowledge with core process improvement 
efforts,

– Improvement in company sales and revenue growth.

3  
 

Origins

• Bill Smith, a reliability engineer, at Motorola 
observed
– Increasing complexity of systems and products used by consumers 

create higher than desired failure rates.

• Cell phones – not only for talking, but also for watching videos, 
text messaging, mp3 songs, etc.

– To improve system reliability and reduce failure rates

• Individual components failure rate should approach zero.

– Proposed a holistic view of reliability and quality.

• Robust structure for problem solving.

4      

Benefits

• Companies using Six Sigma methodology observe:
– Enhanced ability to provide value for their customers.

– Better understanding of key business processes.
• Process flow improvements.

– Reduced cycle times,
– Elimination of defects,
– Increased capacity and productivity rates.

– Improvements reduce costs and waste while increasing product and 
service reliability.

• Improved value for customers, and
• Improved financial performance for the company.

5  
 

Six Sigma Projects

• Six Sigma methodology concentrates efforts on 
improving critical business activities
– By translating customer needs, wants, and expectations into areas for 

improvement.

• Six Sigma efforts are
– Improvement projects to reduce variability present in the process,
– Easy to identify.

• Project team identifies and eliminates 
– Sources of waste 

• Overtime, warranty claims, production backlogs, …

6      

Six Sigma Project Phases

7

Recognize

Define

Measure

Analyze

Improve

Control

Standardize

Integrate
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DMAIC (“deh-MAY-ihk”)

8

Define
• Identify improvement opportunity.

Measure
• Measure current state of process.

Analyze
• Identify causes of variation/defects.

Improve
• Develop and execute solutions.

Control

• Install process controls to prevent future defects and verify solutions 
are meeting goals.

Primary methodology used in Six Sigma is DMAIC.

    

DMAIC and Plan-Do-Study-Act

• DMAIC is similar to Plan-Do-Study-Act problem 
solving cycle espoused by Drs. Deming and Shewhart
(early pioneers of quality field).

9

Define, Measure, 
Analyze 

(Plan)

Improve 

(Do)

Control 

(Study, Act)
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The search for a clean and green locomotive propulsion system is gaining importance due to the 
increased cost of imported oil, and the requirement to meet recently introduced stringent higher 
EPA standards for reduced emission of greenhouse gases and pollutants. Transportation is one of 
the major contributors to the greenhouse effect. This has forced researchers around the globe to 
search for an alternate energy generation source which reduces the dependency on regular fuel 
[Mattson J., (2012)]. To overcome the stated problem, hybrid electric vehicles (HEV) and plug in 
hybrid electric vehicles (PHEV) have been introduced [Mattson J., (2012)]. These are considered 
sustainable and eco-friendly transportation options in the midst of rising oil prices and global 
climate changes due to greenhouse gas emissions.  
        
Locomotives contribute two percent of total transport CO2 emissions based on the 2008 emission 
data presented as shown in Figure 5.1. Since diesel locomotives contribute a large share of public 
transport and consume a large amount of fuel, they aid in depleting fuel sources and increasing 
the greenhouse effect. To overcome this issue, the thought process was initiated and a concept of 
Hybrid locomotive emerged [Miller et. al., (2006)].  
 

                                
                                     Figure 5.1 - CO2 emissions in transportation in the year 2008  
                         (Reproduced from International Transport Forum, Transport Greenhouse Gas Emissions 2010) 
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Most locomotives currently run large diesel engines to power generators which provide the 
power to the electric motors, which in turn drive the wheels. They have a smaller low voltage 
battery system that is used to start the engine, and power electrical components while running.  A 
locomotive consumes large amounts of diesel fuel and a conversion to a hybrid system could 
have a large impact on the amount of diesel saved per year owing to their higher fuel efficiency. 
This would, in turn, lower demand for diesel, cut down on emissions, and reduce costs. Hybrid 
diesel engine and battery locomotive with regenerative braking system is a potential electric 
propulsion system that has been under consideration by railroad industries around the world.   
     
A locomotive loses a large amount of energy in braking and all of this kinetic energy lost during 
braking is dissipated as heat. In a hybrid vehicle this energy is recovered using a regenerative 
braking system to convert the kinetic energy into electrical energy using the same electrical 
motors as a generator while braking. The electrical energy obtained is stored in a large battery. 
The following diagram shows a typical model of a hybrid diesel engine/battery storage system 
for the locomotive. 
 
 
 
 
 
 
 
 
 
 
 
 
                Figure 5.2 - Hybrid diesel engine/battery storage systems for the locomotive 
 
 
Current batteries used in locomotives, like lead-acid, are not very efficient, have low energy 
density, and are not suitable for hybrid vehicles. New generations of batteries like lithium-ion 
have been considered as one of the leading types for the battery systems to be employed in 
electric vehicles (EVs) or hybrid electric vehicles (HEVs) due to their improved efficiency, 
lower weight and higher energy density and so lower volume and have greater cycle life which 
means they will last longer and need to be replaced less frequently. Some of the major challenges 
with the full-scale commercial use of the battery for electric or hybrid vehicles are the 
requirement of higher power density, compatibility with high charge and discharge rates for 
different load cycles. 
 
There are multiple parameters that must be accounted for when choosing a battery to use. Power 
density must be high enough to maximize the amount of energy storage available, while 
minimizing the space required for the batteries.  One of the limiting factors of batteries is their 
ability to charge and discharge at high rate based on the   vehicle load cycle.  In order for 
regenerative braking to be effective, the batteries must be able to collect as much energy from 
the motors as possible. When the train needs to slow down, enormous amounts of energy will be 
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generated. A battery capable of higher charging rates will allow for a more efficient system. 
These batteries must also be able to perform through a range of environmental conditions that 
would be experienced through year round use. On top of these parameters, consideration must be 
given to safety, cycle life, environmental impact, and cost of the battery selected. 
  
There is a great amount of work needed to bring battery-hybrid locomotives into commercial 
use. Part of that work is selecting the battery type and system to use. One of the critical issues of 
charging and discharging a battery is the heat generation and maintaining it at a safe operating 
temperature.  Heat is generated due to reversible and irreversible reaction kinetics as well as 
ohmic heating due charge transport through the cell and interconnects. Electrochemical kinetics 
and transport properties depend strongly on the temperature, and hence the electrochemical and 
thermal performance of the battery. Thermal heat management and cooling of the battery is 
essential to keep the battery operation in a safe temperature range to prevent thermal runway and 
failure of the battery subject to high charge and discharge rates and under severe environmental 
conditions.   
           
Research for thermal heat management was conducted [El Shafei, A. and Tamburrino, P. (2007)]  
proposing and demonstrating a passive thermal management system to maintain a Li-ion battery 
pack within its safe and efficient operating temperature range. They utilized a phase change 
material (PCM) matrix to house fourteen individual cells to create a battery pack. The PCM was 
used for its ability to remove large amounts of thermal energy due to its high latent heat of 
fusion. This thermal energy can then travel through the PCM matrix away from the cells, acting 
as a heat sink. Experiments were conducted to show the effects that cooling had on Li-ion 
batteries at different discharge rates. The packs with the PCM in place were able to operate 
longer before reaching their critical temperature, thus resulting in a higher capacity.  
         
Pesaran et al. [2005] developed an electro-thermal finite element approach to predict the thermal 
performance of a cell with realistic geometry. Along with simulating the thermal performance of 
two generations of Panasonic’s prismatic nickel-metal-hydride (NiMH) modules, they compared 
these results with thermal images taken during constant current discharges of the actual batteries.      
         
Forgez et al. [2010] developed a lamped-parameter thermal model to estimate the internal 
temperature of the LiFePO4/graphite lithium – ion battery from surface temperature 
measurements. The input parameters such as heat transfer coefficient and heat capacity were 
determined from the measurement of internal temperature and surface temperatures of the battery 
using thermocouples and applying a current pulse as the heat source.  Nagata et al. [2003] 
redesigned both battery configuration and cooling structure in the new lighter and compact Ni-
MH battery pack for the Toyota Prius to cope with the increased heat generation in the battery. 
Kumaresan et al. [2008] studied discharge performance of Li-ion batteries at different operating 
temperatures using a thermal model and experimental data.  A number of studies have also been 
performed to analyze electrochemical and thermal behavior of batteries using computational 
models [Shrinivasan, V and Wang, C. Y., (2003)].  
              
The objective of this task is to evaluate and design a battery energy storage system for hybrid 
electric locomotive diesel engines with regenerative braking for improved fuel economy, reduced 
dependence on conventional fuel, and lower emissions. The study involves investigation of 
power requirements and battery energy storage needs of a railroad locomotive engine based on 
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typical duty cycles, modes of regenerative braking and available energy from regenerative 
braking. Feasibility analysis is being performed considering different battery types, performance, 
capacity, power density, cost and considering various road locomotive duty cycles as this 
influence the optimal performance of the battery as well as the potential fuel savings that could 
be realized using a hybrid diesel-battery storage design.  
             
Thermal management requirements of the locomotive battery energy storage system is also being 
investigated experimentally and using computer simulation model under a variety of ambient 
conditions which have influence on the operating temperature, performance and safety of the 
battery.  An experimental test facility is fabricated to evaluate the thermal performance of the 
battery during charging and discharging, and under different environmental conditions. A 
comprehensive electrochemical and thermal analysis of battery is also performed to understand 
the thermal management requirements for the batteries under a variety of ambient conditions.  
 
 
5.1 - Feasibility Analysis of Battery Energy Storage  
 
Operation of diesel electric locomotive is based on transfer of power from the engine to the 
wheels and is done via an electric generator and a traction motor. Hybrid locomotives basically 
use diesel and battery power during the operation. There is a rechargeable energy storage system, 
which is installed between the power source and transmission system; this transmission system 
provides power to the wheels for propulsion. Most of the diesel locomotives are diesel electric 
and possess the basic components except the rechargeable energy storage system. Thus, this is a 
fairly possible solution for hybrid locomotives.  
 
As discussed earlier, the hybrid locomotives will have rechargeable energy storage system power 
that can be supplied, but the problem of recharging comes into the picture. This problem can be 
resolved by employing the regenerative braking. In most cases, when the brakes are applied the 
amount of energy utilized in stopping is lost to heat. In the case of normal braking, if dynamic 
braking is used this energy can be utilized and stored in the rechargeable energy storage system. 
The dynamic braking takes the advantage of traction motor armatures, which are continuously 
rotated when the locomotive is running. The motor can be made into a generator which generates 
electric power that is supplied back to the rechargeable storage system.  
 
The rechargeable energy storage system has to be made up of a number of battery cells 
connected in series and parallel to take the load of a locomotive. Generally, the locomotive runs 
at 600-3000V DC, so the storage system should be able to supply at least 600 V and sustain the 
further requirement [Electric locomotive (2007)]. To obtain required voltage, batteries with high 
energy density and high power should be used. In today’s market there are various types of 
batteries, but of these Lithium-ion batteries are suggested to be promising in these kinds of 
applications.  
 
The objective of this study is to design a battery energy storage system for hybrid electric 
locomotive with diesel engines and regenerative braking. This helps to obtain improved fuel 
economy, reduced dependence on conventional fuel, and lower emission of environmentally 
unsafe pollutants. Feasibility analysis is being performed considering different battery types, 
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performance, capacity, power density, cost and considering road locomotive duty cycles as this 
influence the optimal performance of the battery as well as the potential fuel savings that could 
be realized using a hybrid diesel-battery storage design. Thermal management requirements of 
the locomotive battery energy storage system is also being examined using computer simulation 
model under a range of ambient conditions which  have influence on the operating temperature, 
performance and safety of the battery.   

 

Energy Storage System 
 
As discussed energy storage system are of different categories. For the present study the prime 
focus is on Battery Energy Storage Systems (BESS). The main reason for developing BESS is 
because its combination with diesel engine is beneficial and can be introduced in hybrid electric 
locomotives. BESS and diesel engine with regenerative braking present improved fuel economy, 
reduced dependence on conventional fuel, and lower emission of environmentally unsafe 
pollutants. In the sub sections below the discussion is presented for developing BESS. 

 

Duty Cycle Analysis 
 
For the selection of the type of battery and size of a Battery Energy Storage System for 
locomotive engines, the propulsive energy requirement during the discharge mode and 
regenerative braking energy available during the charging mode of the battery are analyzed 
based on different duty cycles of the locomotive engine. To study the duty cycle data, 
Transportation Technology Center Inc. (TTCI), a subsidiary of the Association of American 
Railroads (AAR) was contacted. The duty cycle data were collected for empty and loaded 
locomotive to compare the amount of regeneration energy available in both the cases. These data 
included tractive force supplied by the engine to the traction motor, and the velocity of the 
locomotive with respect to time in seconds. Based on the data, calculations are performed for the 
power required by the traction motor and the available regenerative braking. Energy is given as a 
function of time and is based on the speed of the locomotive and the traction force requirement 
of the traction motor.  
            
Figures 5.3a and 5.3b, show the energy distribution for both an empty locomotive and a loaded 
locomotive during the time the data were collected. 
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(a) Empty locomotive run 

 
(b) Loaded locomotive run 

Figure 5.3 Energy distribution during  locomotive run 
 
 

Table 5.1-  Summary of energy distribution 
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Analyzed data of the energy distribution lead to a summary of the energy expended by the 
traction motor and the energy dissipated in resistive braking for both empty and loaded 
locomotives and is presented in Table 5.1. The total amount of energy that is dissipated by the 
dynamic resistive braking is around 27.5% and 28.3% of the energy expended in traction for the 
empty and loaded engine respectively. In reality, only a fraction of this lost energy is recovered 
and utilized using a regenerative braking and battery energy storage system. To bring this 
concept into reality the initial data obtained from TTCI were modified and calculations were 
done to obtain the power requirement for the traction motor and power that can be regenerated 
from the energy that is otherwise wasted in dynamic braking. 
 
In order to determine the amount of energy that can be captured, converted, and stored in BESS, 
a computer code was developed. This computer code takes into account of the capacity of a 
battery at different C-rates for charging and discharging, battery state of charge (SOC), and data 
sets for energy expended by traction motor and energy dissipated in dynamic braking. The 
computer code  tracks both the battery state of charge (SOC) and load based on the duty cycle; 
allows energy to go into the battery when regenerative braking energy is available as well as 
allow supply of energy from the battery to the traction motor as needed.   The computational 
code is developed based on the algorithm presented in the flowchart given in Figure 5.4. While 
Figure 5.4a shows all input and output variables to/from the main program, the details of all steps 
in the main program are presented in Figure 5.1b. 
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Figure 5.4 (a) - Flow chart representing an algorithm for battery energy management 
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Figure 5.4 (b) - Flow chart representing an algorithm for battery energy management 

 
The computational code is used to evaluate battery energy storage based on a duty cycle and 
assuming a battery with maximum energy storage capacity given by SOC_MAX and assuming a 
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lower minimum set value of SOC_SET. Figure 5.5 shows simulations results for the variation of 
energy supplied by the battery to traction motor, regenerative braking energy stored in the 
battery and the state-of-the-charge (SOC) of the battery with time during charging and 
discharging for a duty cycle. 
 

 

 
(a) Empty locomotive 

 

 
(b) Loaded  locomotive 

Figure 5.5 - Duty cycle analysis for empty locomotive 
 
 

The voltage was calculated based on the empirical equation obtained from the data for the 
batteries. Different batteries perform varyingly based on the conditions and applied load. The 
equations for the Valence Battery model # U27-12XP during discharge and charge are,  
     

• At discharge 

 
           Voltage = -5E-07x5 + 0.0001x4 - 0.0101x3 + 0.3665x2 - 5.643 + 671.35 
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•    At charge 

 
            Voltage = (Voltage(i-1)+((2e-6x4-0.003x3 + 0.0163x2 + 1.934x + 600.02) - 600) 
 
The valence battery data presents the relation between the voltage and capacity [Lithium-Ion 
Battery (2009)]. These equations are used in the code to demonstrate the effect of voltage drop 
and rise in the BESS.  The Valence battery has been used in calculations and in the design of the 
battery stacks. 
 
In the above equations x represents the difference between the SOC with respect to time (i.e. x = 
instantaneous SOC). The results based on the above conditions are represented in the figures 
below and the results are presented in Table 5.2. The supply percentage and recovery percentage 
is 95% of required and available power respectively, meaning 5% is assumed to be lost as heat.  

 
 
Table 5.1 - Duty cycle analysis results 

 

 
Comparison of Energy Storage Systems 
 
There are two types of BESS presented in this study. The first model is the Valence Batteries 
model # U27-12XP and other is the AA Portable Power Corp Model # PL-9759156-10C. Table 
5.3 below shows the stack wise relationship between the two models.  
 



 
 

92 

Table 5.2 - Energy storage system model comparison 

 
 

 

 
                    Figure 5.6 - Volume comparison based on recovered regenerative braking 
 
A comparative graph shown in Figure 5.6 displays the variation in the required volume of the 
battery storage system as a function of the percentage of peak regenerative energy to be stored. It 
can be observed that the required volume for the energy storage system increases linearly with 
the increase in percentage of peak energy to be stored. The volume required by the Valence 
battery is less compared to the volume required by the AA Portable Power battery model. The 
reason behind the high volume requirement is the low single cell capacity.  
 

Representative Load Cycle for a single battery cell 
 
A representative load cycle for a single battery cell is derived in order to perform simulation 
analysis of battery cell. This obtained representative load cycle is incorporated in the COMSOL 
model to demonstrate thermal performance analysis of a battery cell as discussed in later section. 
As discussed in the earlier section the BESS is the base for generating the representative load 
cycle, the total number of battery packs in the stacks is 950. The battery type under consideration 
is U27-12XP.  The battery packs internal construction contains 4 cells in series, each 3.2 volts 
and 138Ah. Using this information a typical representative load cycle is constructed using the 
duty cycle data. 
 
The process involves the reduction of power value from pack value to single cell value. The 
power that is available has to be divided into the number of cells in the stack. For this study the 
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voltage is assumed to be constant. Based on performed calculations it can be concluded that the 
scaling factor (Fs) can be used to find the current during duty cycle. The current (A) is then 
plotted as a function of time and is shown in Figure 5.5.  

 
In the present simulation model current density has to be applied at the current collector tab. 
Thus, the required current density that is required to be calculated. However, current density at 
the tab is different from current density at the frontal surface of the 2D battery. Finally, frontal 
current density is scaled down for tab current density based on area ratio.  This is obtained as a 
product of current density of frontal surface and the ratio of the cell height to the collector 
thickness. For the COMSOL model, the calculated tab current density has to be applied to the 
positive current collector. These current densities are scaled down with respect to the Valence 
battery energy storage system and shown below. 
 

 
(a) Current density per cell 

 
 

 
(b) Current density at the tab 

                       Figure 5.7 - Load cycle for simulation analysis of single battery cell  
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5.2 - Development of Experimental Test Facility for Battery Power 
 
An experimental test facility has been fabricated to evaluate the thermal performance of the battery 
during charging and discharging. The test facility has been developed for the testing different 
batteries in different environmental conditions and using different charging and discharging load 
cycles. The fabrication of the experimental test facility is complete and fully operational.  All 
major equipment such as the environmental chamber, infrared camera, and battery analyzer and 
instruments, sensors, and computer data equation system for the experimental test facility have 
been purchased, evaluated and installed.  
        
A test matrix will be used to help develop a profile of the batteries performance and capacity 
over these differing conditions. An environmental chamber will be used to provide a user 
controlled environment in which the batteries will operate. Computerized battery analyzer (CBA) 
and is used to control the operation of the batteries, enabling the user to define different 
discharge rates. This will be used to determine the batteries available capacity at different 
discharge rates, as well as give a profile of the battery’s voltage-current characteristics 
throughout the test. During the operation of the batteries, thermocouples are placed over their 
surfaces to record their temperature throughout the test. This will be used in conjunction with an 
infrared thermal imaging camera. The thermal images will observe the temperature profile of the 
surface, which will be used to determine what kind of thermal management may be needed later. 
 

Battery Composition, Operation and Selection for Testing 
 
Batteries have come a long way since they were first adopted into industrial use. A galvanic 
battery operates by converting chemical energy into electrical energy. Two half cells are used to 
create a battery and are connected in series. These are the anode and cathode of the battery, 
which are the negative and positive electrodes respectively. Each electrode has an electrolyte and 
a separator between them. This separator prevents the electrolytes from mixing and prevents 
contact between the anode and cathode but still allows the ions to flow through it. Each half cell 
has its own electromotive force. This represents the cells ability to force electric current from its 
interior to the exterior, and the difference of each cells electromotive force defines the batteries 
terminal voltage. 
       
When a cell is at rest, and is neither charging nor discharging, the terminal voltage is known as 
the open-circuit voltage.  When the cell is discharged, the terminal voltage decreases due to 
internal resistances. In an ideal cell, the internal resistances would be zero and a cell would 
remain at the open-circuit voltage until it has fully discharged and drops to zero. 
       
One way to classify batteries is by defining them as a primary or secondary battery. A primary 
battery is typically referred to as a disposable battery. This is because these batteries cannot be 
reliably charged once discharged. The reason for this is the fact that the materials used may not 
return to their original form because the chemical reaction is not easily reversed. A secondary 
battery is commonly referred to as a rechargeable battery. They can be recharged by applying an 
electric current to reverse the chemical reaction that occurs during discharging. The oldest and a 
very common form of this is the lead-acid battery found in vehicles. 
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Another classification refers to a cell being wet or dry. A wet cell contains a liquid electrolyte 
that covers all the internal parts. These cells are typically vented to allow excess gases escape, 
which requires them to be kept upright so the liquid electrolyte is not spilled. Wet cells can be 
either primary or secondary cells, and the lead-acid car battery is once again a prime example of 
this type. A dry cell contains an electrolyte in a paste, which prevents it from moving. This paste 
contains only enough moisture to allow current to flow. This enables the cell to be operated in 
any orientation without running the risk of the electrolyte spilling. The composition of the cell 
determines this terminal voltage. Since different combinations of chemicals can be used for cells, 
there are several different open-circuit voltages that can be created.  
         
Alternative chemical reactions have given way to new cell chemistries like lithium ion and metal 
hydride. Lithium ion cells do not undergo the traditional galvanic redox action; instead, they 
depend on an intercalation mechanism. This mechanism relies on an open crystal structure to 
allow the insertion or extraction of lithium ions, as well as the ability to accept compensating 
electrons at the same time. Typical lithium ion anodes are based on carbon while the cathode is 
made from lithium cobalt dioxide, lithium manganese dioxide, or many other chemistry 
combinations. Metal hydride cells are composed of metallic alloys that can provide storage of 
hydrogen and can reversibly react in battery cells chemistry. These alloys are used as the 
negative electrode while a Nickel hydroxide is used for the positive electrode. The electrolyte is 
an aqueous solution that serves to transport the hydrogen between the electrodes. 
        
Battery technology has been under extensive research and development over the last several 
decades. Technology has moved away from traditional lead-acid battery to more sophisticate 
high energy and high power batteries like nickel metal hydride (NiMH), nickel cadmium (NiCd) 
and lithium-ion (Li-ion) batteries. Nickel metal hydride batteries have been the choice for many 
hybrid electric vehicles (HEVs) in the market due to significant reduction in weight and 
improved energy density compared to lead-acid batteries. Lithium-ion batteries are the most 
common choice for consumer electronics applications because of their high energy density. 
Lithium-ion batteries are also preferred in many of the newer HEVs because of their energy 
density advantage over NiMH.  
          
The battery type considered in this experimental study is a commercially available Li-ion 
prismatic battery cell. The Li-ion cell is composed of two electrodes namely the cathode and the 
anode each of which has a separator and an electrolyte in between them. The separator is a 
membrane or a partition which disunites the two electrodes by physically separating them and 
avoids short circuit. The cell is filled with electrolyte. The electrolyte acts an insulator for the 
electrons and only allows ions to pass through. Electrolytes contain free ions and can be aqueous 
or non-aqueous.  In the case of lithium-ion batteries only non-aqueous electrolytes are used. 
         
Lithium ion cells do not undergo the traditional galvanic redox action; instead, they depend on an 
intercalation/dintercalation mechanism. Lithium is used as an insertion material in base 
materials.  This mechanism relies on an open crystal structure to allow the insertion or extraction 
of lithium ions, as well as the ability to accept compensating electrons at the same time.  
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So each electrode is made of active materials bound together with an electronically insulating 
binder and conductive additives. During discharge, Li is removed from the anode (negative 
electrode), transmitted through the electrolyte and inserted back into the cathode (the positive 
electrode). During charging, the reverse process occurs. The difference in voltages between the 
two electrodes is the cell voltage.  The amount of Li stored in the electrodes directly contributes 
to the energy capacity (product of voltage and capacity) and the rate of transfer of Li from one 
electrode to the other determines the power.  
         
A large number of carbonaceous materials have been tested as a negative electrode (anode when 
discharging) and graphite is now most commonly used for carbon electrodes. The positive 
electrodes (cathode when discharging) are also insertion compounds made from lithium cobalt 
dioxide or lithium manganese dioxide, or lithium iron phosphate and many other combinations 
capable of accepting and giving lithium ions. Lithium ions during the discharging just get 
extracted from the structure of the carbon leaving the electron and during the charging they are 
inserted back.  
       
In a typical LiFePO4 battery Li ions are extracted from the anode when charging and pass 
through the electrolyte into the cathode material while the reverse happens while discharging. 
The chemical reactions involved are as follows, 
 
Reactions during discharge: 
 
               At the negative electrode (i.e. at anode) 
 

                                                C6xexLiCLi
eargdisch

6x +→ −+                       (5.1) 
and 

 
              At the positive electrode (i.e. at cathode) 

                                        4x4 FePOLixexLiFePO →++ −+                  (5.2) 

Reactions during charging: 
 
            At the negative electrode (i.e. at anode) 
 

                                       6x
eargCh

CLC6xexLi →++ −+                                 (5.3) 
 

and 
 
          At the positive electrode (i.e. at cathode) 
 
                                       44 FePOxexLixFePO ++→ −+                               (5.4) 
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Where x and y are the insertion factor for the negative and positive electrodes respectively. 
These factors x and y are defined as the ratio of the initial lithium concentration to the maximum 
concentration in the solid phase of the negative and positive electrode respectively. 
       
LiFePO4 has been chosen as the battery material for testing because of the following reasons, 
 

a) The specific energy density of Li Ion batteries range from 100 Wh/Kg to 125 Wh/Kg 
which is double that of NiMH or NiCd 
 

b) The higher limit of operating voltage of Li-on batteries is 3.7 Volts which much higher 
than other batteries 
 

c) The material composition is environmental friendly and contains no polluting material 
mercury, lead or cadmium 
 

d) Apart from these advantages LiFePO4 batteries used for our tests have superior thermal 
stability due to its strong P-O bond. Because of this bond oxygen cannot be readily 
released thus eliminating any chance of an atmospheric combustion. 

 
One of the most important factors taken into account was safety. LiFePO4 batteries offer superior 
thermal and chemical stability than other Lithium ion cells. This can be attributed to significantly 
stronger bonds between the oxygen atoms in the phosphate. Because of this, oxygen cannot be 
readily released, almost eliminating any threat of combustion or decomposing at high 
temperatures. This phosphate chemistry also offers a significantly longer cycle life at 100% 
depth of discharge, which is typically greater than 2,000 cycles. LiFePO4 is also unique in the 
sense that they have the capability of much faster discharge and charge rates. Research was 
conducted [Cedar, G., and Kang, B. (2009)] using a fast ion-conducting surface phase through 
controlled off-stoichiometry. With this, they are able to achieve ultrahigh discharge rates 
comparable to those found in super capacitors. This ability to utilize very high amounts of 
current is especially useful for hybrid drive systems like the ones that are being developed for 
locomotives. 
 
Battery Parameters 
 
When discussing the rate at which a battery is charged or discharged, it is common to refer to a 
C-rate. A C-rate, also known as an hourly rate, is defined as the amount of current the battery 
could deliver if it were discharged to 100% depth of discharge in one hour. For example, if a 
battery has a rated capacity of 10 Amp/hours, the theoretical value of 1C would be 10 Amps. As 
the C-rate is increased, the length of time for the battery to discharge completely reduces 
inversely proportional to the C-rate. So, the same battery discharged at 2C would operate at 20 
Amps and last for one half of an hour, and at 4C it would operate at 40 Amps and last for one 
quarter of an hour. However, since the capacity of a battery drops as the discharge rate increases, 
it is unlikely for the battery to fully reach these theoretical discharge times. As the C-rate 
decreases, the opposite effect occurs. If the same capacity battery is discharged at 0.5C or 0.25C, 
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the battery would operate at 5 Amps for 2 hours and 2.5 Amps for 4 hours, respectively. At these 
lower rates, the battery will approach the estimated time for their theoretical C-rate.  
  
The capacity of a battery is largely based upon two factors, size and the energy density of the 
composition. Energy density refers to the amount of energy per unit weight, or volume that can 
be stored in the battery. This makes energy density an important factor when the weight or size 
of the battery is a concern. If there is limited space for a battery, a higher energy density 
composition will allow more energy to be stored than that of lower energy densities.  
 
Development of Experimental Test Facility for Battery  

 
An experimental test facility, shown in Figure 5.8, has been fabricated to evaluate the thermal 
performance of the battery during charging and discharging. These test facility has been 
developed for testing different batteries under different environmental conditions and using 
different charging and discharging load cycles. All major equipment such as the environmental 
chamber, infrared camera, and battery analyzer and instruments, sensors, and computer data 
equation system for the experimental test facility have been  calibrated.  

 
Figure 5.8a - Experimental Test Facility - Schematic of experimental Test Facility 
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Figure 5.8b - Experimental Test Facility - Photograph of test facility 

 
 

A test matrix is used to help develop a profile of the batteries performance and capacity over 
these differing conditions. An environmental chamber is used to provide a user controlled 
environment in which the batteries will operate. Computerized battery analyzer (CBA) is used to 
control the operation of the batteries, enabling the user to define different discharge rates. This 
was used to determine the battery’s available capacity at different discharge rates, as well as give 
a profile of the battery’s voltage-current characteristics throughout the test. During the operation 
of the batteries, thermocouples are placed over their surfaces to record their temperature 
throughout the test. This was used in conjunction with an infrared thermal imaging camera. The 
thermal images are observed for the temperature profile of the surface during the operation. 
 
Test Equipment and Instruments 
 

o Environmental Chamber 
The ESPEC ESL-2CA chamber was chosen for multiple reasons. The first thing that was 
taken into account was the internal size of the chamber. It must be able to fit multiple 
battery cells, as well as provide enough room for a window that will allow the infrared 
camera to view into the chamber. The chamber allows the temperature to be controlled 
between -35°C and +180°C, and the humidity controlled between 10 to 98% RH 
depending on the temperature. 
 
o Infrared (IR) Camera 
The infrared camera (IR) is FLIR SC325 used for remote real time measurement of 
surface temperature of the battery during charging and discharging. The ExaminIR 
Recording and Analyzing software Package allows the camera to be calibrated to the 
window and surface optical properties of the object. The ThermoVision LabVIEW toolkit 
allows LabVIEW to control the camera.  Since the camera will be placed next to the 
chamber and in front of the IR glass, it needs to be able to have a wide field of view. An 
additional 45° lens was used to allow the camera a wider view of the majority of the 
chamber from up close.  
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o Battery Analyzer  
The CBA-III (Computerized Battery Analyzer) from Optim Engineering was used for 
several reasons. The CBA-III is capable of testing a multitude of different battery 
compositions, including; Lead Acid, NiCd, NiMH, Li Ion, Li Poly, and more. This unit 
will control and measure the discharge of a battery up to 150 watts or 40 amps, 
whichever is reached first. In order to test multiple battery cells stacked together, whether 
in series or parallel, an amplifier was purchased to accommodate higher outputs. The 500 
watt amplifier allows the CBA-III to test continuous loads up to 500 watts or 160 amps. 
The CBA-III has the necessary inputs to allow testing to be completely automated once 
set up. The user can input the capacity, nominal voltage, number of cells, cut-off voltage, 
and discharge rate.  A CADEX battery analyzer is also included in the test setup for the 
purpose of conducting both charge and discharge analysis of the battery.  
 
o CADEX Battery Analyzer                                                                                                       
The CADEX battery analyzer was used to subject the battery to charge and discharge 
process under different load conditions. This software is capable of testing a number of 
batteries of different battery materials like Li Ion, NiMH, Lead Acid etc. The user can 
input the C rate, the maximum and minimum cut off voltage and temperatures, the 
number of cycles and the time limit for each cycle. 
 
o Data Acquisition 
The National Instruments cDAQ 9178 chassis has been chosen. It includes number of 
different modules such as a NI-9213 16-ch thermocouple module, a NI-9201 8-ch ±10 
VDC Analog input Module and a NI-9401 8-ch Digital I/O Module. This digital module 
also utilizes a NI-9934 which is a 25-pin connector kit with strain relief. The NI-9178 is 
connected to the computer via USB and interfaced with LabVIEW for monitoring and 
recording the data. Multiple software packages including LabVIEW for the DAQ system, 
ExaminIR for the thermal camera, and Mountain Radio’s CBA software are used for the 
operation and data analysis. A LabVIEW program was developed that would allow the 
user to view and record the thermocouple measurements along with the time step of the 
test. 
 
o Thermocouples 
A total of thirteen thermocouples Omega K-type thermocouples were then connected to 
the NI-9213 module and labeled one through thirteen in the order that corresponds to 
their channel.  
  

Calibration 
 

• Thermocouples 
Thermocouples are very important in this project since the majority of the work relates to 
temperature measurement, and they are used to calibrate the emissivity of the batteries so the 
IR camera can obtain accurate readings. For this project, K-type thermocouples were 
purchased from Omega. Each thermocouple came in a spool of 30 gauge with 100 feet of 
wire. This allowed the thermocouples to be cut to the desired length. Once the thermocouples 
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had been cut to length, each one needed to have an end welded together to create the probe 
junction. This was done on a thermocouple welder where the opposite end of the wire is 
grounded, and the desired probe end is struck against an electrode. The energy traveling from 
the electrode into the wire is enough to melt the two wires together, creating the junction. 
This method is used to prevent unwanted contaminants in the junction, which would alter 
how the thermocouple works. 
 
A total of thirteen thermocouples were made with the allotted 100 feet of wire. These were 
then connected to the NI-9213 module and labeled one through thirteen in the order that 
corresponds to their channel. These numbers will be used to identify each individual 
thermocouple within the LabVIEW program, and ensure each one gets its proper calibration 
curve. 
  
A LabVIEW program was developed that would allow the user to view and record the 
thermocouple measurements along with the time step of the test. This was done utilizing the 
DAQ Assistant within LabVIEW, it is a part of the software package that allows for easy 
communication with a cDAQ module. Within it, the cDAQ module and channel assignments 
can be made, which involves identifying each channel with the desired measurement type. In 
this case, channels zero through 12 on the NI-9213 were selected as K-type thermocouples to 
measure temperature. It is important to note that the thermocouple label is one unit higher 
than the channel it is in, this is due to the channel assignment beginning at zero as opposed to 
one. 
  
Once the channel assignments are complete, the DAQ Assistant outputs a single channel of 
data which can then be split, in this case, thirteen ways for each thermocouple. From here, 
the thirteen channels have a multiplication factor that will be defined as “1” until the 
calibration curve is determined and can be put in its place. From here the data is split, in one 
direction it is sent to a display so the user can view the current reading. The other is sent to a 
write loop which manipulates the signal to be written into a defined column saved as a excel 
spreadsheet. Since the loop repeats itself for each point read from the thermocouples, it is 
able to append the new values to the existing spreadsheet, saving all the data with their 
respective time. 
  
Once the program is operational, the calibration of each thermocouple can take place. The 
method used here involves using two reference temperatures, an ice bath and boiling water. 
These are used because they occur at known phase change temperatures of 0 C and 100 C. 
With the LabVIEW program running, the thermocouples are submerged into each reference 
bath, allowing them to stabilize before being removed.  Each thermocouple has 30 seconds of 
the stabilized data averaged for each temperature bath. The average temperature from each 
bath is placed on the x-axis while the actual reference temperature is placed on the y-axis. A 
linear curve fit can then be performed. This curve can then be put back into LabVIEW so the 
calibrated temperatures can be displayed and recorded.  

                    
• IR Camera Calibration for Emissivity 
In order for the IR camera to accurately display the temperature of the battery’s surface, the 
emissivity of the battery surface must be known. A series of tests were conducted to 
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determine the emissivity over a range of temperatures. These tests were done with the 
LiFePO4 battery positioned inside an Omegalux heating oven, and the IR camera positioned 
outside of the oven. Prior to testing, thermocouple #1 was adhered to the center of the broad 
face of the battery using Omegatherm high thermal conductivity paste. Thermocouple #2 was 
placed in the center of the oven to monitor and verify the temperature of the oven during 
testing. The battery was positioned in the oven so that the IR camera was aligned 
perpendicular to its surface. Figure 5.9 shows the battery positioned in the oven with the IR 
camera aligned. 
 

 
 

Figure 5.9 - IR camera facing battery in oven. 
 
LabVIEW and ExaminIR were used in conjunction with one another to calculate the 
emissivity by adjust the input emissivity value to the ExamineIR. The oven is first closed and 
brought up to 60°C, the highest safe operating temperature specified by the manufacturer. 
The battery is allowed time to settle at this temperature, which took approximately 30 
minutes. Once the battery surface temperature is constant, the oven is turned off and the door 
is opened. The IR camera is then used to capture images of the battery surface as it cools. As 
these images are taken, the respective thermocouple temperature is recorded. This allows for 
a series of temperatures to be evaluated as the battery cools to room temperature. These tests 
were then conducted inside of the chamber to adjust for the transmission through the IR 
window. The procedure remained the same as before with the oven. This setup can be seen in 
Figure 5.10. 
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Figure 5.10 - IR camera aligned to battery through IR window of the chamber. 
 

With the IR images and thermocouple readings, ExaminIR is used to calculate the emissivity 
values for each set. Within ExaminIR, the IR images are loaded and a point Region of 
Interest (ROI) is selected immediately adjacent to the thermocouple probe. The ROI 
properties can then be adjusted using a known temperature value, which is what the 
thermocouple reading is used for. With this value in place, ExaminIR can then calculate the 
emissivity of the surface by comparing the IR data and the known temperature by adjusting 
the emissivity input values. These values were then recorded into a spreadsheet for a series of 
tests, and a curve fit was used to develop a correlation between temperature and emissivity.  

 
Experimental Test Procedure 
 
Running a test requires a fair amount of preparation before each one can begin. Since these tests 
could only be run about once a day, it was even more important to ensure everything was ready 
to go before the battery was discharged. Before testing began, eight thermocouples were setup on 
the battery surface and inside the chamber. Figure 5.11 shows the positioning of the seven 
thermocouples on the surface of the battery. Thermocouple #8 was placed in the center of the 
flap on top of the battery between the terminals. Thermocouple #7 is located in the chamber at 
the same height of the center of the battery, and 6 inches away from the surface. This was done 
so an accurate measurement of the air around the battery could be taken. With the thermocouples 
in place, the battery is positioned in the center of the chamber vertically. The broad side opposite 
of the one affixed with thermocouples is aligned to the IR window. 
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Figure 5.11 - Thermocouple positions on battery surface. 

 
The IR camera is setup on top of a tripod next to the IR window of the chamber. It is connected 
to the computer by an Ethernet cable. Due to the battery’s glossy surface, extra attention is 
needed when aligning the camera so that it does not see its own thermal reflection. A dark sheet 
was draped behind the camera to prevent any heat sources, such as light bulbs, from being 
reflected off the battery. While doing so, the camera must be focused whenever moved so that 
the image is clear. This is done within ExaminIR software on the computer. 
  
All wiring for the thermocouples and battery analyzer must be run through the cable ports on the 
side of the chamber. Each of the two cable ports has two silicon port plugs. These are used to 
insulate each end of the port to minimize the losses from the chamber. They are flexible to allow 
themselves to form around the cables running through the port. 
  
The battery is connected to the CBA-III by 10 gauge solid-core copper wiring to reduce the 
amount of resistance implemented by the wiring itself. This wire is connected to two nut fastened 
terminals on the CBA-III amplifier, which is connected to the CBA-III unit by a 10 gauge 
Powerpole to Powerpole adapter. The CBA-III unit is connected to the computer by a USB 
cable. 
 
Prior to testing, the battery must be fully charged. To keep the tests consistent, the battery is fully 
charged prior to each test.  Since a majority of the tests are done at a temperature other than room 
and storage temperature, the battery must be brought to the desired temperature and allowed time 
to stabilize prior to initiating the test. This was typically done by setting the timed startup in the 
chambers menu, which allowed it to turn on and reach the desired temperature hours before 
testing was planned to start. 
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While the chamber and battery stabilize, the software is initiated on the computer. The 
thermocouple LabVIEW program is initiated to monitor the temperature within the chamber and 
on the battery surface. ExaminIR is opened and a connection with camera is initiated through the 
startup screen.  Lastly, the CBA-III software is initiated, and several parameters must be input by 
the user. These parameters define the battery being tested, and the testing parameters themselves.  
Since all the tests were done as constant current, the test type never changed and the test was 
always defined in amps. The cutoff voltage is set to 2.4 V which was defined by the 
manufacturer’s specifications. With this value set, the program automatically ends testing when 
it reaches this lower limit, preventing over discharge of the battery. 
  
LabVIEW and the CBA-III are started simultaneously. A snapshot of the battery is taken with 
ExaminIR immediately to obtain a baseline image for each test. Depending on the test current, 
snapshots of the battery are taken at different intervals throughout the test. This is to minimize 
the number of images stored for longer tests. Each snapshot has its corresponding test time 
recorded. When the battery reaches the cutoff voltage previously determined, a final snapshot is 
taken.  
 
Prior to testing, the battery must be fully charged. To keep the tests consistent, they were allowed 
to charge overnight to ensure a full charge for each test. The thermocouple connections are 
visually inspected to ensure they are secure and in place. Since a majority of the tests are done at 
a temperature other than room and storage temperature, the battery must be brought to the 
desired temperature and allowed time to stabilize prior to initiating the test. This was typically 
done by setting the timed startup in the chambers menu, which allowed it to turn on and reach 
the desired temperature hours before testing was planned to start. 
  
While the chamber and battery stabilize, the software is initiated on the computer. The 
thermocouple LabVIEW program is initiated to monitor the temperature within the chamber and 
on the battery surface. ExaminIR is opened and a connection with camera is initiated through the 
startup screen. The camera is then focused to the surface of the battery, this typically only needs 
to be done once unless the camera itself is bumped or moved. Lastly, the CBA-III software is 
initiated, and several parameters must be input by the user. These parameters define the battery 
being tested, and the testing parameters themselves. Figure 5.12 shows this startup screen where 
the parameters must be input prior to starting. These parameters include; battery type, capacity, 
number of cells, nominal voltage, weight, cutoff voltage, test type, test amps, and graph type. 
Since all the tests were done as constant current, the test type never changed and the test was 
always defined in amps. The cutoff voltage is set to 2.4 V which was defined by the 
manufacturer’s specifications. With this value set, the program automatically ends testing when 
it reaches this lower limit, preventing over discharge of the battery. 
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Figure 5.12 - CBA-III startup and parameter input screen. 

 
With the programs running and prepared to start, it is important to ensure the charger has been 
removed from the battery. If the charger is left in place during testing, the analyzer cannot 
differentiate where the power is coming from, and the power from the charger will make the data 
incorrect. If the charger has been left in place, it is immediately observable on the CBA-III 
software. The battery voltage will not drop nearly as low as it should for the given current draw. 
This is because the battery is only outputting the amperage difference from what the CBA-III is 
pulling and the amount the charger is capable of outputting. 
  
When the thermocouple readings within LabVIEW have stabilized on the battery’s surface, the 
test is ready to begin. First, the LabVIEW program is stopped, but not closed. Restarting the 
program with the record button pressed resets the timer to zero enables LabVIEW write-to-file 
function. LabVIEW and the CBA-III are started simultaneously. A snapshot of the battery is 
taken with ExaminIR immediately to obtain a baseline image for each test. Depending on the test 
current, snapshots of the battery are taken at different intervals throughout the test. This is to 
minimize the number of images stored for longer tests. Each snapshot has its corresponding test 
time recorded. When the battery reaches the cutoff voltage previously determined, a final 
snapshot is taken. 
  
Once the test has completed, the chamber temperature is set to room temperature to allow the 
battery to stabilize there before charging. All charging was conducted at room temperature. The 
LabVIEW program automatically saves all data and only needs to be stopped. The voltage, 
current, and capacity data is obtained from the CBA-III software. This information must be 
exported to a comma separated value file prior to closing the program, or the data will be loss. 
This can then be opened with Excel to view and analyze the data. 
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Uncertainty Analysis 
  
The uncertainty for the temperature of each thermocouple is based on the standard uncertainty 
form. The uncertainty for the temperature is based on the uncertainty for the DAQ module and 
the K-type thermocouples used. The DAQ module is based on the manufacturer’s specified 
uncertainty while the K-type uncertainty has been defined by the American Society for Testing 
and Materials (ASTM) standards. Including the resolution of the thermocouple, the uncertainties 
for the temperature measurements are: 
 

                   (5.5)                         
 
The uncertainties for the voltage and current are specified by the manufacturer of the CBA-III 
which is what was utilized for these measurements. The voltage has an uncertainty of ±0.005 
Volts while the current has an uncertainty of ±0.045 Amps. The power of the system is calculated 
by multiplying the voltage and current, so the uncertainty for an average data point is calculated 
as follows: 
 

    (5.6) 
 
The uncertainty for the temperature difference between two thermocouples can be calculated 
using the uncertainty found for one thermocouple. For comparing the difference in temperature 
between two thermocouples, the calculation is as follows: 
 

            `    (5.7)                         
 
 
Results and Discussion 
             
A number of tests were performed to observe the operating characteristics as well as battery 
operating temperature of LiFePO4 battery for different discharge rates and over a range of 
environmental conditions. Tests were also conducted for a cycle of charging and discharging to 
observe the operating efficiency of the battery. Results were analyzed to identify safe operating 
conditions and to identify need for any cooling system for operation under extreme weather 
conditions.  Results and discussion of these tests are presented in this section 
 
The environment temperature was varied throughout the safe operating temperature range 
specified for the LiFePO4 battery. The lower limit of this range is -20°C and the upper limit 
reaches 60°C. This was done to develop a profile of the batteries capacity characteristics over its 
entire operating range. This can then be used to determine the best range of temperatures the 
batteries should be kept in while in operation. Not only is it important to look at the optimal 
range, but it will also be important to investigate the cost benefit of utilizing a thermal 
management system to maintain it. For instance, if a battery is capable of operating only slightly 
under its optimal efficiency, will it be worth the energy needed for the thermal management 
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system to adjust it? At a certain point, the slight drop in energy lost from the battery will be less 
severe than the energy needed to maintain it in its optimal range. 
 
While discharging the LiFePO4 battery at a rate of 0.5C (5 Amps), the profile of the obtained 
capacity over the temperature range showed some expected results as well as some interesting 
ones. Figure 5.13 shows the usable capacity for the battery while it operates within the specified 
temperature range. This can be used to determine the discharge efficiency of the battery when it 
is subjected to certain environmental temperatures. Although the battery is rated to safely operate 
as low as -20°C, this profile shows that this would not be a good choice. It was not capable of 
achieving a sustained discharge at 0.5C, which for most lithium ion batteries, is a modest 
discharge rate. This could be affected by the cutoff voltage the manufacturer specifies. At -20°C, 
the voltage drops so quickly the CBA-III automatically ends the test. However, this higher cutoff 
voltage will eventually be an advantage when the battery achieves a higher cycle life. 
 

 
                                             Figure 5.13 - Profile plot of usable capacity of the  

LiFePO4 at 0.5C vs. temperature. 
 
This drop in capacity at low temperature is believed to happen due to the chemical reactions 
being suppressed. As the temperature decreases, the electrochemical reaction occurs slower than 
it would at a higher temperature.             
      
Figure 5.14 shows the temperature of thermocouple #2 as the battery discharges at varying 
temperatures. Each data series represents a test that was conducted at a different temperature. 
The key indicates the temperature of the chamber over the length of the test for each series. 
Paying attention to the start of each test, the temperature of the battery can be seen increasing at 
a significantly higher rate when the battery is subjected to lower temperatures, as opposed to 
when it is subjected to higher temperatures.  
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                                       Figure 5.14 - Temperature of battery vs. time for varying  
                                                        environment temperatures. 
 
This act of increasing the battery’s temperature will help it maintain the desired output, but it 
will take energy to do this. This energy is considered to be lost to the battery since it can no 
longer be used for the intended application the battery is being used for. It is likely that this 
internal heating plays a large role in the steady drop in capacity as the battery drops below room 
temperature. As the temperature continues to decrease, the amount of energy needed to raise the 
battery temperature increases, which dramatically shortens the battery’s runtime as it approaches 
its lower operating limit.  
 
Voltage Characteristics at Different Ambient Temperature 
 
The battery voltage can be a good indicator of how hard the battery is working and the state of 
charge. However, one of the two must be known in order to estimate the other with the given 
voltage. To understand this, it is useful to use a plot of the voltage over time. Figure 5.15 is a 
plot of the voltage across the terminals for a discharge rate of 0.5C and chamber temperatures of 
-10.0°C and 40.4°C.  
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Figure 5.15 - Battery voltage plotted as a function of time for chamber temperatures  

of -10.0°C and 40.4°C. 
  
 
The voltage curve for the test conducted at 40.4°C represents a common discharge curve. The 
immediate drop from open-circuit voltage is due to the battery overcoming its own internal 
resistances. It remains relatively steady for a majority of the discharge until it quickly drops. This 
sudden drop at the end is good indicator that the battery has in fact completely discharged. This 
drop is more severe in the 40.4°C test than it is in the -10.0°C test. However, the -10.0°C test has 
an unusual voltage curve which can be attributed to the very low temperature at which the test 
was conducted. 
     
Remembering back to the profiled capacity of the battery over the range of operating 
temperatures, -10.0°C is the near the lowest operating limit of the battery at 0.5C. A reason for 
this can be seen in Figure 5.6 at the beginning of the discharge. The initial drop in voltage at -
10.0°C is much more severe than at 40.4°C, almost dropping to the cutoff voltage. However, the 
voltage does not begin to level off as it continues discharging, nor does it continue to drop. The 
voltage actually begins to rise until it settles off to 2.8 volts. This voltage rise occurs at the same 
time as the quick increase in temperature of the battery, which was seen in Figure 5.14. This 
could be attributed to the chemical reactions within the battery becoming more efficient as it 
warms. If this initial drop in voltage was not as severe as it appears to be at lower temperatures, 
it is possible that the test at -20°C could have seen some sort of capacity instead of failing 
instantly. Also, if the test were allowed to continue without the automatic cutoff voltage in place, 
it is possible the battery could have raised its voltage past it for some duration.  
  
Figure 5.16 contains the voltage curve at 0.5C for three tests conducted at temperatures of 1.5°C, 
20.7°C, and 50.8°C. All of tests follow a normal discharge curve. The curves for the tests 
conducted at 20.7°C and 50.8°C are similar until they reach the final minutes of the discharge. 
As discussed before, the test voltage curve for the test conducted at 50.8°C also contains a 
sudden drop. This is because this test also obtained 100% of the rated capacity of the battery. 
The curve for 20.7°C follows this closely until it begins to drop at an increasing rate. At 20.7°C, 
the capacity obtained was approximately 97% of its rating. This is not a large difference, but it is 
enough to see the affect it has on the voltage curve. As the temperature and obtained capacity 
decreases, this drop in the curve becomes drawn out and not as steep, indicating energy is being 
slowly lost elsewhere. This is visible in the curve for the test conducted at 1.5°C 
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Figure 5.16 - Battery voltage plotted as a function of time for chamber temperatures of 1.5°C, 

20.7°C and 50.8°C. 
 
 
Effect of Discharge Rate on Capacity 
 
Just as the environment temperature affects a battery’s capacity, discharge rate is an equally 
important contributing factor. Figure 5.17 contains a profile plot of the usable capacity at 50°C 
for the 10Ah LiFePO4 under varying discharge rates. At a rate of 0.5C, the battery is capable of 
discharging 100% of its rated capacity. When the rate increases to 1.0C, 1.5C, and 2.0C, the 
capacity obtained dropped to 95.4%, 89.4%, and 62.4% respectively. Had the tests been 
conducted past a rate of 2.0C, it is hypothesized that the capacity would continue to drop at an 
increasing rate. 
 

 
Figure 5.17 - Profile plot of usable capacity of the 10Ah LiFePO4 at 50°C vs. C-rate. 
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Effect of Discharge Rate on Temperature 
 
Figure 5.18 shows the temperature of the battery over the duration of the discharge at 50°C for 
four different discharge rates. Once again, the temperature curves show the same characteristics 
as seen before. As the discharge rates increase, the ohmic loss also increases due to increased 
current. This increasing ohmic loss contributes to the increase in temperature as the battery’s C-
rate is increased. This rise in temperature shows that energy is going into heating the battery and 
is being lost from the system that it is powering. The current flowing through the internal 
resistance generates heat and is known as Joule Heating or Ohmic heating. This helps explain 
why the these tests are as follows, in order of ascending C-rate; 3.0 Watts, 8.9 Watts, 15.7 Watts, 
and 23.2 Watts. This correlates to the lower C-rate test reaching a significantly lower 
temperature than that of the higher C-rate test. 
 

 
Figure 5.18 - Temperature of battery vs. time for varying C-rate at 50°C. 

 
Effect of Discharge Rate on Voltage 
  
Ohmic loss is a function of current and internal resistance, as either increase, the ohmic loss will 
increase as well. As the C-rate increases, the ohmic loss will cause the voltage of the battery to 
drop. This is why there is a significantly lower voltage for a discharge at 2C than there is a 0.5C. 
Figure 5.19 contains four voltage curves at 50°C for varying C-rates. The different voltage drops 
are visible here and can be explained by this ohmic loss. The average ohmic loss for the 0.5C test 
is only 0.6 Volts, while it is 1.2 Volts for the 2C test. 
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Figure 5.19 - Battery voltage plotted as a function of time for varying C-rates. 

 
 
Environment Temperature and Discharge Rate 
  
After understanding the effect that both temperature and discharge rate have on a battery, it is 
important to know how they all affect the battery together. A chart was developed using data 
from all the tests. This chart shows the capacity of the battery that was obtained from testing at 
different environmental temperatures and varying the C-rate. With this, it is possible to use 
Figure 5.20 to determine if a desired C-rate could obtain a desired capacity at a certain 
temperature. Using the chart as a reference, one can see that as the C-rate increases, the 
temperature range in which the battery operates decreases. A severe drop in discharge efficiency 
occurs when increasing the rate from 1.5C to 2C. 
 

 
Figure 5.20 - Profile plot of usable capacity of the LiFePO4 at varying C-rate and temperature. 
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Temperature Gradient 
        
In general, the temperatures being reported for the results thus far have been of only one 
thermocouple on the battery. This was thermocouple #2 due to its location at the top of the 
battery between the two terminals. This location is one of the higher temperature reading 
locations on the battery during discharge. Understanding the temperature gradient of the battery 
can be useful when designing a thermal management system. It is in the best interest of the 
battery to try and keep the temperature uniform across the surface. This prevents hot spots from 
developing and possibly damaging the internals of the battery. Also, if a monitoring system is in 
place, a hot spot is an early indicator of a battery beginning to fail. 
          
To maintain a battery near a uniform temperature distribution, it is important to know how the 
battery naturally distributes this heat. With this knowledge, a system can be designed around the 
areas of the battery that require more cooling than others. Figure 5.21 contains a plot of all of the 
thermocouples on the battery during a 1.5C discharge at 50°C. There are five different distinct 
temperature curves. 
 

 
Figure 5.21 - Plot of all thermocouples on battery surface for a 1.5C discharge at 50°C. 

 
 
The lowest is that of the air temperature inside the chamber. The next is actually a grouping of 
three, including the temperatures of thermocouples #4, #5, and #6. These three thermocouples 
are located along the bottom edge of the battery, furthest from the terminals as shown in Figure 
5.5. Due to the distance from the terminals, the current density inside the battery is not as great 
here as it is at the end near the terminals. This explains why they are at a lower temperature than 
those at the top of the battery.  

 
The next curve up is that of thermocouple #1, and the one following is of thermocouples #2 and 
#3. These three thermocouples all reside at the same distance from the side of the battery 
containing the terminals. However, thermocouple #1 is marginally lower than the tight grouping 
of #2 and #3. This is believed to be due to the reaction within the battery at the current collectors. 
Thermocouple #1 is located over positive terminal (cathode), where heat generation due to 
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reversible and irreversible electrochemical reaction dominates. The curve at the top is for 
thermocouple #8, which also lies at the top of the battery between the terminals on the excess 
flap of case material. There are no chemical reactions occurring under this thermocouple, it is 
being heated by the combination of both terminals emitting heat.  Thermal images were taken 
so that the temperature gradient could be observed. Figure 5.22a shows the battery prior to a 
1.5C discharge with the environment temperature at 50°C. This also shows the locations of the 
regions of interest (ROI) which are used to create a temperature profile across the line. Figure 
13b shows the battery when it has completely discharged. 
 

 
Figure 5.22 - Thermal images of battery before and after 1.5C discharge at 50°C. 

 
In Figure 5.22b, it is possible to see a non uniform temperature distribution across the surface. At 
the bottom is an anomaly that was caused by a reflection off of the battery surface and is not 
representative of the battery surface there. At the top of the battery, the area surrounding the 
negative terminal (cathode) is at an elevated temperature in relation to the rest of the battery.      
In comparison, the thermal images in Figure 5.23 were taken of the battery that was discharged 
with the chamber off and at 30°C. Figure 5.23a shows the battery prior to a 1.5C discharge, and 
Figure 5.23b shows it after being completely discharged.  The temperature distribution appears 
to be more even across the surface of the battery. There is a difference in temperature between 
the top of the battery near the terminals and the bottom of the battery, which was also seen 
before. There is a slight change in temperature along the top horizontal ROI, but this is minimal 
when compared to the same ROI for the test conducted with the chamber on at 50°C.  
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Figure 5.23 - Thermal images of battery before and after 1.5C discharge at 30°C 

with the chamber off. 
 
 

• Voltage characteristics during Charging   
  
Figure 5.24 shows the battery performance characteristics in terms voltage variation with respect 
to time for different environmental temperatures. Keeping the C rate fixed at 1 C the battery was 
subjected to charging at different temperatures and its performance characteristics was studied. 
As is evident from the curves that at –10 °C the charging was very abrupt and was completed 
within a very short time. But as the temperature was increased the stability of the curves 
increased until 45 °C. But on further increase of the temperature it started exhibiting a decrease 
in the performance stability. At -10° C the curve shows almost a vertical rise within a very short 
period of time to reach the cut off voltage. Thus the capacity which is represented by the area 
under the curve is reduced. As the temperature increases the curve becomes flatter and continues 
for a very long period of time thus increasing the capacity. But after 45 °C again the flatness of 
the curve starts decreasing with a decrease in capacity. During charging at cold temperatures the 
cell internal resistance causes a rise in temperature which compensates the low temperature to 
some extent. At higher temperatures the charge effectiveness is increased due to improvement in 
cell internal resistance. 
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                    Figure 5.24 - Battery performances during charging at different temperature  
 

• Voltage characteristics during discharging   
 
Figure 5.25 shows the variation of the voltage characteristics during discharge, with respect to 
time, keeping the C rate fixed at 1 °C. Here also it is seen that the battery is discharging very fast 
and abruptly at lower temperatures and the losses are also significant. With the increase of 
temperatures the discharge pattern gains stability and reaches an optimum value at around 31 °C 
and 45 °C but further increase of temperature causes instability of the discharge process of the 
battery. The initial drop in voltage within a very short period of time is due to activation loss. 
After that slow fall in the curve is due to ohmic losses which is a function of current and internal 
resistance. Cold temperatures increase the internal resistance of the battery thus increasing the 
ohmic loss substantially which is evident from the steep fall in the voltage curve at lower 
temperatures.   
 

 
                Figure 5.25 - Battery performances during discharging at different temperatures  
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• Battery Performance during charging for different C-Rates 
 
Keeping the environmental temperature fixed at 31° C the charge pattern was studied 
with respect to time for different C Rates, and results are presented in Figure 5.26. The 
graph at 0.5 C shows stability and sustained for a long time. The graphs at 1 C and 2 C 
showed a sudden rise in voltage and sustained for a shorter time.   

 

 
Figure 5.26 - Battery Performance during charging for 

different C-rates. 

 
• Variation of voltage with time for multiple charge-discharge cycles  

        
The Figure 5.27 shows the variation of voltage with time for multiple charge and discharge 
cycles at 1 C and 31 °C. It follows a similar pattern for the four cycles without any major change 
in the performance. For Li-ion batteries the average life cycle is about 1000 cycles when it starts 
showing some degradation in performance. So for four cycles as expected it does not show any 
change in the performance pattern. 
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            Figure 5.27 - Battery performance during two 1C discharge and charge cycles at 31°C. 
 
 

• Variation of temperature with time for multiple charge discharge cycles   
  

Figure 5.28 shows the variation of the temperature of the 8th thermocouple placed 
between the electrodes with time for 1C rate at 31° C chamber temperature as the battery 
is cycled. The total test is divided in consecutive charge and discharge processes. Each 
charge cycles reaches a maximum temperature of about 33.5 °C whereas each discharge 
cycle reaches a maximum of 34.5 °C. Thus for the whole test there is a maximum 
temperature rise of 3.5 °C during charging and 2.5 during discharging. The charge and 
the discharge follow the same pattern though at the end the shape of the discharge curve 
pattern changes a bit. Similar trends are also noticed for other thermocouple 
temperatures. 

 
Figure 5.28 - Temperature of battery during two 1C discharge and charge cycles at 31°C. 
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It is evident from the test results that the optimum range of performance of the battery lays 
between 30 °C and 45 °C. As the environmental temperature is decreased the internal resistance 
of the battery increases which in turn generates heat that disrupts the normal functioning of the 
battery. Higher temperatures also brings thermal safety problems which leads to service life 
reduction. 

 
When at all possible, it is ideal to operate these batteries at or below 0.5C. This will help 
maintain a healthy battery and extend it cycle life. It is also ideal to operate the battery in an 
environment that will allow it to reach room temperature or greater. As the temperature drops 
below 20°C, the capacity of the battery begins to drop at an increasing rate. Operating at low 
temperatures will also reduce the cycle life of the battery. 
        
As the discharge C-rate is increased, the temperature ranges in which the battery can operate 
become narrower. At 0.5C the battery is capable of operating through the entire range as 
specified by the manufacturer, which is -20°C to 60°C. However, as this rate increases to 2C, 
there is only a 35° range in which the battery will operate. This is not only a smaller window in 
which the battery can work, but the capacity drops to about 70% as well. 

 

5.3 - Simulation Analysis of Lithium-Ion Battery 
 
Researchers have developed a one-dimensional electrochemical model of a lithium ion battery 
and performed the simulation at various discharge rates [Doyle, M. J., et. al., (1996)]. The 
predictions from the model show good agreement with the experimental results. They used LixC6 
as a negative electrode and LiyMn2O4 as a positive electrode. The electrolyte that they used is a 
mixture of ethylene carbonate (EC) and dimethyl carbonate (DMC) with LiPF6 as a salt. The 
model included correlations for open-circuit potential variations with state-of-charge of both 
electrodes. Pals and Newman [1995a and 1995b] used the electrochemical model developed by 
Doyle et al. [1996] and developed a thermal model based on a global energy balance approach 
described by Bernardi et al. [1985], which does not take into account the local variation of 
temperature and its effects on transport process and electrode kinetics. They studied the 
discharge of a single cell as well as extended it to the cell stack. Isothermal discharge is used to 
estimate the heat generation in the simulation model. Botte et al. [1999] also used global energy 
approach to simulate the thermal behavior of the lithium ion cell. Song and Evans [2000] 
presented a 2D model for cell. The heat generation for the 2D model is estimated from the 1D 
electrochemical model. 
      
Gu and Wang [2000] developed a 2-D thermal and electrochemical coupled model for Li-ion 
battery with LixC6 as a negative electrode and LiyMn2O4 as a positive electrode. The model 
predicts the cell internal temperature distribution. They also presented a comparison of the 
coupled and the decoupled model. Diffusion mass transfer resistance within the solid phase of 
the electrode particles is neglected.  Long and White [2011] developed a one-dimensional model 
to estimate the surface temperature of the cell at various discharge rates and with different 
convective cooling conditions. Their 1D model included temperature and salt concentration 
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dependent diffusion coefficient and the ionic conductivity in the binary electrolyte as suggested 
by Valoen and Reimers [2005]. 
        
Srinivas and Wang [2003] developed a 2D model based on the model presented by Doyle et al 
[19960] with the difference that they have not used Fick’s law to describe solid state diffusion 
but assumed the linear dependency of surface concentration to the average concentration. The 
model incorporates reversible, irreversible and ohmic components of heat generation within the 
cell and also includes the experimental data on the entropic heat as a function of state-of-charge 
for estimating reversible heat for their carbon [Al Hallaj, S., et. al., (2000)] and the manganese 
oxide [Thomas, K., et. al., (2001)] electrode. Their model shows the contribution of different 
types of heat generation at different C-rates. Thomas et al. [2001], reported empirical correlation 
for the variation of the gradient of the open circuit potential of electrodes with respect to the 
temperature vs. the state-of-charge  Al Hallaj et al. [2000] reported data for  dE/dT as a function 
of the voltage on the carbon negative electrode which is used to estimate the state-of-charge 
using the correlation of the equilibrium potential vs. state-of-charge presented by Doyle et al. 
[1996]. These data obtained for the carbon negative electrode and the manganese oxide electrode 
are used by Srinivas and Wang [2003] in their study and are also used in the present study. The 
one-dimensional electrochemical model for Li-ion battery developed by Doyle et al. [1996] has 
been implemented in the COMSOL [2012] code as an analysis tool to study discharge behavior 
of the cell at different C-rates. 
 
The objective of this research is to develop a computer simulation model for coupled 
electrochemical and thermal analysis and characterization of a lithium ion battery performance 
subject to a range of charge and discharge loading, and thermal environmental conditions. The 
electrochemical model includes species and charge transport through the liquid and solid phases 
of electrode and electrolyte layers along with electrode kinetics. The thermal model includes a 
number of heat generation components such as reversible, irreversible and ohmic heating, and 
heat dissipation by conduction through layers of battery cell and convection from the surface. 
Additionally, there are two types of model considered here to study the importance of the effects 
of temperature on some of the transport properties. One dealing with temperature independent 
transport properties and other that includes temperature dependent properties. 

Battery Operation and Design  
 
An electrochemical cell that converts chemical energy stored in it into electrical energy directly 
consists of two electrodes, separated by an electrolyte.  The electrodes have different positive 
standard reduction potentials and when these two are connected through an external load circuit, 
spontaneous half reactions start inside each of them. These two half reactions occur 
simultaneously and result in a conversion of chemical energy to electrical energy. During this 
process the electrons transfer through external circuits performing electrical work as needed by 
the load. 
        
During the discharge process the electrode which has low positive standard reduction potential 
undergoes an oxidation reaction producing cations (i.e. positively charged ions) and electrons. 
Cations migrate through the electrolyte, while electrons travel through external circuit towards 
the electrode with higher standard reduction potential, which in turn undergoes a reduction 
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reaction. In the electrolyte the electrical circuit is completed by the flow of anions (i.e. negatively 
charged ions) towards the electrode with low standard positive reduction potential. During the 
charging of a rechargeable battery the reverse phenomenon happens; the cations move from the 
positive electrode towards the negative electrode and the electrons are driven through external 
path towards the negative electrode.  
        
The electrode which undergoes oxidation is termed as anode or the negative electrode while the 
electrode which accepts electrons and undergoes reduction decreases in oxidation number and is 
termed as cathode or the positive electrode. So during charging the positive electrode becomes 
the anode and the negative electrode becomes the cathode. 
        
Apart from the anode and cathode there are two other components required for the operation of 
the battery or a cell and they are electrolyte and the separator. The separator, as the name 
suggests, is a membrane or a partition which disunites the two electrodes by physically 
separating them and avoids short circuit. The electrolyte acts an insulator for the electrons and 
only allows ions to pass through. Electrolytes contain free ions and can be aqueous or non-
aqueous.  In the case of lithium-ion batteries only non-aqueous electrolytes are used. 
 
Thermodynamic Open Circuit Voltage and Losses 
        
Maximum possible voltage of an electrochemical cell is given by the thermodynamic reversible 
voltage as 
 

                                                           (5.8) 
 
           
The voltage obtained from this equation is the open circuit voltage, which is the voltage or 
potential that is obtained from the battery when it is neither charging nor discharging, i.e. when 
no current is drawn or given to the cell. So this voltage is more than the actual voltage of the 
battery, as it is obtained without considering the losses associated with the process of charging 
and discharging. 
         
There are three main losses associated with the battery when it is charging and/or discharging, 
which causes a drop in the voltage obtained from the battery. These losses are also called 
polarization or overpotential. So polarization is simply a deviation of the potential of the cell 
from the equilibrium potential when current is drawn from the cell. It occurs at both anode and 
cathode. The effect of all these polarizations is the loss in the voltage and the final curve 
obtained is called characteristic curve. The typical polarization curve is shown in Figure 5.29. 
All types of polarization are explained in the section below. 
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                                                         Figure 5.29 - Various Losses associated with the Battery 
 
Activation Polarization 
        
For the electrochemical reaction to take place the reactants have to be at a certain energy level. 
The voltage overpotential that is expended in overcoming this energy barrier is termed as the 
activation polarization. It is the voltage loss to initiate the electrochemical reaction. This 
polarization is prominent at lower current density. The expression for the activation polarization 
is derived from the electrode kinetics and given by the Butler-Volmer equation. Region I in 
Figure 5.29 depicts the activation polarization. 
 
Concentration Polarization 
       
This polarization arises from the difference in the concentration of the reactants and the products 
at the electrode surface and in the bulk electrolytes. It is predominant at higher current densities. 
Region III in Figure 5.29 depicts the concentration polarization.  
 
Ohmic Polarization 
 
Region II in Figure 5.29 depicts resistance or ohmic polarization. It is predominant in moderate 
current densities. This is the overpotential caused by the resistance offered to the movement of 
the charged species like ions and electrons. 
 
Battery Types 
    
Table 5.4 gives a comparison of some of the commonly used secondary rechargeable batteries in 
terms of battery chemistry and energy and power densities:     

 
 
 
 
 
 

Nernst Open Circuit Voltage, E (T, P) 

Region I (Activation Polarization) 

Region II (Ohmic Polarization) 

Region III (Concentration Polarization) 

Current Density (A/m2) 

V
ol

ta
ge

 (V
) 



 
 

124 

Table 5.4 - Comparison of some of the secondary batteries 
[Valoen, L.O. and Reimers, J., (2005) and Al Hallaj, S., et. al., (2000)] 

 
Chemistry Nominal 

Voltage(V) 
Specific 
Energy 
(Wh/kg) 

Energy 
Density 
(Wh/L) 

Specific 
Power 
(W/kg) 

Power 
Density 
(W/L) 

Cycle 
Life 

Li Ion 3.6 115 260 200-
250 

400-
500 

500-
1000 

Li Metal 3.0 100-200 150-
350 

>200 >350 200-
1000 

Lead 
Acid 

2.0 35 70 ~200 ~400 250-
500 

Ni-Cd  40-60 60-100 140-
200 

220-
360 

300-
700 

NiMH  60 220 130 475 300-
600 

Zn/Air  150 200 150 190 ~200 
    
Lithium-ion batteries are very attractive because of their high specific energy and power density. 
Since lithium is one of the lightest metals, it has been considered as one of the leading candidates 
for the search of the lower weight and smaller size batteries that give higher energy density.   
Owing to their high performance and minimal volume they are attractive for use in electric and 
hybrid vehicles as well as for portable devices. While lithium was used as a metal in lithium-ion 
batteries in the past, it is being used as an intercalation material in the recent development effort.      
Modern lithium ion batteries rely on a completely different mechanism called intercalation 
where the lithium ions are extracted/inserted from the porous matrix of the electrodes. These 
electrodes are special in terms of their microstructure, as they have either an olivine, layered, or 
spinel crystal structure. These structures provide passage for the movement of the lithium ions 
from anode to cathode and from cathode to anode during charging and discharging respectively.  
     
A brief discussion of the various materials, the properties of the electrodes and the other 
components of the lithium ion batteries is given here. 
 

• Components of Lithium Ion Batteries 
The basic components of a typical battery are anode, cathode, electrolyte and separator. 
The material properties and the requirements for all the components are discussed in the 
following section. 

 
• Anode 

The availability of lithium as an anode material is twofold; it can be used either as a 
metal or as an intercalation material. Lithium metal anodes, while providing the highest 
theoretical voltage, are also the most unstable, with problems ranging from highly 
resistive passivation films to dendrite formation [Riley, M. W., (2002)] and therefore are 
rarely used as a metal. 
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Alternatively, lithium is used as an insertion material in carbon. Lithium ions during the 
discharging just get extracted from the structure of the carbon leaving the electron and 
during the charging they are inserted back. The general extraction insertion reaction is 
shown below. This type of insertion/extraction reaction depends largely upon the crystal 
structure, morphology and orientation of the crystallites. A large number of carbonaceous 
materials are tested as anodes and graphite is now most commonly used for carbon 
electrodes because of its high specific capacity (theoretically 0.372 Ah/gm) [Walter, et. 
al., (2002)]. 
 

• Cathodes 
All of the cathodes are insertion compounds capable of accepting and giving lithium ions. 
Essential properties that the cathode material must possess are high capacity, high cycle 
life, stable to the electrolyte, low impedance, high electronic conductivity, high lithium 
diffusivity, and mechanical stability [Riley, M. W., (2002)]. 
 
A vast majority of the cathode materials that are prevalent and are under study are 
lithiated oxides of metals [Riley, M. W., (2002)], like manganese (LiyMn2O4), cobalt 
(LiyCoO2),  nickel (LiyNiO2) and vanadium (LixV2O5 and LiyV6O13) etc. Cathode 
materials generally come from three different crystal structures a layered structure, 
olivine, or a spinel compound. In the layered structure the lithium ions are inserted in 
between the layers of oxides [Riley, M. W., (2002)]. Manganese oxide electrodes come in 
both the two structures: MnO2 as layered and spinel (Mn2O4). As compared to the layered 
structure spinel compounds are becoming more popular, especially for the batteries that 
can be used in electric vehicles (EVs) or hybrid electric vehicles (HEVs), because of their 
high thermal stability, lower cost and high-rate capability [Kumar, A.T., (2007)].  
 
In the present work LiMn2O4 is selected for the analysis as a cathode material. It has a 
good diffusion co-efficient as compared to the cobalt and the nickel based cathodes and 
does not release oxygen during overcharging. It has lower capacity (148mAh/g) than the 
cobalt and the nickel based cathodes; still, it is the material of choice because it can be 
produced from less toxic materials and is a less expensive material [Riley, M. W., 
(2002)]. Moreover, its spinel structure makes it thermally more stable. 
 

• Electrolyte/Separator 
During the charging and the discharging of a lithium ion battery, lithium ions travel 
through the separator filled with electrolyte. Electrolyte provides a means to transport 
these ions from anode to cathode and from cathode to anode during discharging and 
charging respectively and therefore the requisite quality that the electrolyte must possess 
is high ionic conductivity with low electronic conductivity. 
  
Electrolytes are classified into three basic categories: liquid, solid and composite. Liquid 
electrolytes provide higher conductivity than solid electrolytes but are unstable 
chemically and also require a porous separator to support them and thereby give them 
mechanical stability. One of the disadvantages of the liquid electrolyte is leakage. 
Organic electrolytes are used in lithium ion batteries as lithium reacts when it comes in 
contact with water. Most common organic electrolytes are the carbonates or esters of 
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simple alcohol and glycol. Ethylene carbonate (EC), dimethyl carbonate (DMC) and 
diethyl carbonate (DEC) etc. are the most common organic electrolytes. These are 
generally mixed with salts such as LiPF6, LiBF4 or LiClO4 etc. Composite electrolytes 
employ the benefits of both types of above-mentioned electrolytes [Riley, M. W., 
(2002)].  
 
The function of the separator in the whole system is to provide mechanical stability to the 
liquid electrolytes and to act as a barrier between the anode and cathode to prevent them 
from short circuiting. Like electrolytes it should have high conductivity to allow ions to 
pass through them and should act as an insulator to the electron. Separators are usually 
porous in nature in order to hold electrolytes and are made of polymers. 

 
 
Simulation Model 
 
In the present work, the dual lithium ion insertion cell and the lithium ion battery model under 
consideration is shown in Figure 5.30. The battery consists of a porous negative electrode, a 
porous separator, a porous positive electrode and an electrolyte filled in the pores.  
     
In this work, the lithium ion cell of interest consists of a negative electrode current collector of 
copper (Cu), lithiated porous carbon as a negative electrode (LixC6), lithiated porous manganese 
dioxide (LiyMn2O4) as a positive electrode, positive electrode current collector of aluminium 
(Al) and a separator. The separator is a porous matrix which gives mechanical stability to the cell 
and is made of a copolymer of vinylidene fluoride and hexafluoropropylene, p (VdF-HFP). All 
the pores or the voids of the negative electrode, separator and the positive electrode are filled 
with electrolyte and forms the solution or the liquid phase of the cell. Electrolyte of the lithium 
ion battery under consideration is a mixture of ethylene carbonate (EC-C3H4O3) and dimethyl 
carbonate (DMC-C3H6O3) in a ratio of 1:2 volume/volume with lithium hexaflorophosphate 
(LiPF6) as a salt.  

 
Figure 5.30 - Schematic of a lithium-ion battery during charge and discharge 
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During discharging lithium ions are extracted from the negative electrode, which is termed as 
deintercalation process and enters into the electrolyte/liquid region. After this, lithium ions travel 
through the separator and intercalate into the positive electrode. During the deintercalation 
process the electrons remain in the solid phase and travel to the positive electrode through the 
external circuit. The electrons in the positive electrode intercalate into the particles of the 
positive electrode. In the charging process lithium ions and the electrons move in the opposite 
direction.  
        
The deintercalation/intercalation reactions that occur during the charge and discharge process are 
shown below. 
 

• Reactions during discharge: 
 
At the negative electrode (i.e. at anode) 
 

                                     (5.9) 
And 

 
At the positive electrode (i.e. at cathode) 

                       

    (5.10) 
 

• Reactions during charging: 
 
At the negative electrode (i.e. at anode) 
 

                                                  (5.11) 
and 

 
At the positive electrode (i.e. at cathode) 
 

                                                       (5.12) 
 
where x and y are the insertion factor for the negative and positive electrodes respectively, and 
are given by equations (5.31) and (5.33) These factors viz. x and y are defined as the ratio of the 
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initial lithium concentration to the maximum concentration in the solid phase of the negative and 
positive electrode respectively. 
      
The electrodes of the battery cell are porous in configuration and the electrolytic solution is filled 
in the void or spaces of the electrodes. Thus there are two phases in the battery viz. solid phase 
and the liquid or electrolyte or the solution phase with each having its volume fraction. In the 
present work these phases are referred by the subscript 1 and 2 respectively. 
 
Modeling Approach 
       
In this section, we have described the mathematical equations used to simulate the lithium-ion 
cell. In porous electrode theory, the exact positions and shapes of all the particles and pores in 
the electrode are not specified. Instead, properties are averaged over a volume, small with respect 
to the overall dimensions of the electrode but large with respect to the pore structure. The 
electrodes in the porous electrode theory are considered as the superposition of the electrodes 
and the solution phases, each of known volume fraction. Since there is an interface between the 
electrode phase and the electrolyte phase at each point, the two phases are linked by mass 
balance and the charge transfer reaction rate which depends upon the potential difference 
between the two phases. 
 
The following assumptions are taken into consideration while modeling the lithium-ion battery:  
 

1. No gas phase is present 
2. Concentrated binary electrolyte is assumed 
3. Side reactions are neglected 
4. Charge transfer kinetics is assumed to follow Butler-Volmer Kinetics 
5. Transport of species in the electrolyte is only through diffusion and convection is 

ignored 
6. The active electrode materials are made up of spherical particles with uniform size 
7. The porosity of the electrodes is constant 
8. The ionic conductivity and the salt diffusion in electrolyte is assumed to functions of 

salt concentration and temperature given by [Cedar, G., and Kang, B. (2009) and 
Electric locomotive (2007)]. The effect of electric double layer and the film 
resistance is neglected 

 
There are two types of model considered here to study the importance of the effects of 
temperature on some of the transport properties. The types of model considered are described in 
the following section. 

 
 
Temperature-independent (T-ID) electrochemical  
 
A temperature-independent electrochemical model is one in which the transport properties such 
as ionic conductivity of the binary electrolyte, diffusion co-efficient of the electrolyte and the 
solid-phase diffusion co-efficient are not considered as the function of temperature. The 
temperature-independent (T-ID) electrochemical model presented here is similar to the one used 
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by [Doyle, M. J., et. al., (1996)], where the conductivity in this model is only considered to vary 
with electrolyte salt concentration (i.e. c). The empirical equation is given by by Cedar, G., and 
Kang, B. (2009). The variation of this ionic conductivity is depicted in Figure 5.31. 
 

 
Figure 5.31 - Conductivity of the LiPF6 in EC/DMC as a function of salt concentration 

 
 
The variation in Figure 5.32 shows that the ionic conductivity has a maximum value of 0.28S/cm 
for a salt concentration of 1 moles/liter and decreases sharply as the concentration drops or 
increases from this optimum value. 
 
Temperature-Dependent (T-D) Electrochemical Model 
   
A temperature-dependent electrochemical model is one in which the above-mentioned transport 
properties are considered as a function of temperature. Ionic conductivity of the binary 
electrolyte and diffusion co-efficient in the electrolyte follows an empirical relation as reported 
by [Valoen and Reimers, (2005)].                                                                                                                                                     
        

The diffusion coefficient of salt in the electrolyte is given by  

                  (5.13) 

Where c is the concentration of the salt (moles/m3) and T is absolute temperature (K).The 
variation of the ionic conductivity and diffusion coefficient with the temperature and salt 
concentrations as given by the above two equations are presented in Figure 5.32 and Figure 5.33. 
Data show strong dependence of ionic conductivity and the diffusion co-efficient in the 
temperature. 
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Figure 5.32 - Ionic conductivity(S/m) of binary electrolyte as function of salt concentration 

(moles/m3) and temperature (K) 
 

 
Figure 5.33 - Diffusion Co-efficient (m2/sec) of binary electrolyte 

as a function of salt concentration (moles/m3) and temperature (oK) 
 

          
Results show that the ionic conductivity of the binary electrolyte increases by 0.65 S/m as the 
temperature is increased from 288K to 318K and the diffusion coefficient decreases sharply with 
the increase in the electrolyte salt concentration. Arrhenius-type of equation is considered for 
incorporating the variation of the solid phase diffusion-coefficient with the temperature, 
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Where k,1D is the diffusion co-efficient in solid phase for electrode k, R is the universal gas 

constant, refT  is the reference temperature (i.e. 298K), and Eact is the activation energy for the 
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diffusion coefficient in the solid phase. k,refD  is the diffusion coefficient in the solid phase at 
reference temperature.  
 
Charge Governing Equations 
 
Charge balance and material balance equations along with the electrode kinetics equations are 
needed to describe the electrochemical phenomenon occurring in the battery. These equations are 
described both in the solid phase and the electrolyte phase. Subscript 1 is used to describe 
parameter in solid phase and subscript 2 is used for the liquid phase. 
 
Charge Balance 
     

• Electronic Charge Balance in Solid Phase 
 
The charge balance equation governs the electronic current conduction in the solid matrix and 
solves for the potential in the solid phase of the electrode. This charge balance is expressed 
through Ohm’s law given as 

 

                                                        (5.15) 
where 1Q  is the source term given by, 

                                 (5.16) 
Combination of equation (5.15) and equation (5.16)  leads to, 
                                                   

                                                                  (5.17) 
 
where k,1Φ  is the potential in the solid phase of the electrode k and  eff

kσ  is the effective 
electronic conductivity of the electrode material within the electrode k (k = n for the negative 
electrode or the anode and k = p for the positive electrode or the cathode) and is corrected 
using a Bruggeman correlation given by equation [Riley, M.W. (2002)]. The value aS  is the 
specific surface area (m2/m3).  k,locJ is the pore-wall flux determined by the electrode kinetics 
or the Butler-Volmer equation and F is Faraday’s constant (96485 Col/Moles). 
 

                                                                      (5.18) 
 
Where kσ  is the electronic conductivity of the solid phase of region k, brug is the Bruggeman 
co-efficient and is taken as 1.5 [Doyle, et. al., (1996)] and kε  is the solid phase porosity of 
electrodes. The index k is n for the negative electrode and p for the positive electrode. 
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• Ionic Charge Balance in Liquid Phase 

 
Charge balance in the liquid phase is used to determine the potential in the liquid phase and is 
expressed by the modified Ohm’s Law for the liquid phase and is given as, 
 

   

   (5.19) 
 

where 2Q  is the source term and is given by, 

 

                                                                                               (5.20) 

 

Combination of equation 5.19 and equation 5.20 leads to, 

 

                

  (5.21) 

Where eff
2κ  (S/m) is the effective ionic conductivity of the electrolyte,  2Φ  is the potential in 

the electrolyte phase. 
 
The first term on the left-hand side represents the motion of the ionic species under the 
influence of the potential gradient in the solution phase, the second term on the left-hand side 
accounts for the concentration overpotential and the term on the right-hand side represents the 
source term. The solution phase ionic conductivity is corrected by taking porosity and 
tortuosity factor into account and is given by,  

 

                                                (5.22) 

Where 2κ is the conductivity of the electrolyte and is function of electrolyte salt 
concentration. The variation of the conductivity with the salt concentration is reported by 
[Doyle, et. al., (1996) and Valoen and Reimers, (2005)]. 
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Material Balance 
 
Material balance equations govern the concentration of the lithium in the solid and the liquid 
phase.  

 
• Material Balance in Solid Phase 

 
The material balance in the solid phase is done by assuming a single particle model. In a 
single particle model the electrodes are assumed to consist of spherical intercalation particles 
with identical size and shape. The mass balance of the lithium ions in the intercalation particle 
of the electrode active material is given by Fick’s second law in a spherical co-ordinate 
system.  
       

 
Where k,1c  is the solid phase lithium concentration and k,1D is the solid phase diffusion co-
efficient of lithium ions in the electrode, and k is the index representing the negative and the 
positive electrodes (k is n for the negative electrode and p for the positive electrode). 
 
Boundary conditions: 
At the centre of the spherical particle 
 

                                                                     (5.24) 
 
On the surface of the particle the flux is equal to the consumption/production rate of Li ions 
due to the electrochemical reaction occurring at the solid/liquid interface. 
 

                                          (5.25) 
 
• Material Balance in the Liquid Phase 

 
The material balance for the lithium ion in the liquid phase is given by, 

                                 (5.26) 

      

    

 

  

 
                                                  (5.23) 
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Where kε  is the porosity of the region k (k is n for the negative electrode, p for the positive 
electrode and s for the separator). The second term on the right-hand side is zero when solved 
in the separator. eff

2D  is the diffusion co-efficient of the salt in the solution phase and c 
(moles/m3) is the electrolyte salt concentration. k,aS  is the specific area of electrode k, k,locj  

is the pore wall flux given by electrode kinetics and 0t+  is the cationic transference number. 
The first term on the right-hand side indicate the diffusion due to the concentration gradient. 
The second term on the right-hand side accounts for the production and the consumption of 
the species. 

 
Electrode Kinetics 
 
The charge transfer reaction is assumed to occur at the interface of the solid and the electrolyte 
or the liquid phase. The rate of the intercalation/deintercalation reactions represented by 
equations 5.2 to 5.5 can be modeled by Butler-Volmer Kinetics. This relation comes from the 
difference between the cathodic and anodic currents, which in turn is a function of rate constants 
and concentrations, and is given by, 

 

                                        (5.27) 

Where k,0i  is the exchange current density and is given by the following equation, 

 

and k,aα is the anodic charge transfer co-efficient for the electrode reaction, k,cα  is the cathodic 
charge transfer coefficient for the electrode reaction k,sη  is the surface overpotential of the 
electrode reaction given by  
 

                                                          kEk,2k,1k,s −Φ−Φ=η                              (5.29)                                    
 
The term Ek is the open-circuit potential of the electrode k and it varies with the state of the 
charge (SOC). The experimental correlations of the open circuit potential as a function of SOC 
for both the electrodes has been presented in other research [Doyle et. al., (1996)]. In developing 
the model, these variations are taken into account. The curve fit relation of the open circuit 
potential vs. state of charge for the carbon electrode is given as, 
 
                            ( ) ( )x0.2000exp0.10x0.3exp32.116.0nE −+−+−=                    (5.30) 
 
      

  

 
                          (5.28)  
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Where x is given by the ratio of the initial lithium concentration in the negative electrode and the 
maximum concentration in the solid phase of the negative electrode and is given as, 
 

                                                                 max
n,1c

0
n,1cx =                                                       (5.31) 

Where 0
n,1c  and max

n,1c  are the initial and maximum lithium concentration in the solid phase of the 

negative electrode. The variation of the open circuit potential vs. SOC for the carbon electrode is 
depicted in Figure 5.34. 
 
 

 
Figure 5.34  - Open-circuit potential of LixC6 as a function of SOC. 

 
Similarly, the open-circuit potential vs. state of charge for the manganese dioxide electrode is 
given as 
 

       ( )60942.8y5546.14  tanh0565661.019829.4pE +−+=                        

                        
( ) 











−

−
− 90111.1492465.0y998432.0

1275479.0  

                                                                                                                                                          
( ) [ ]0.133875)-40(y-exp 810239.00.04738y-exp 157123.0 +−                              (5.32) 

 
Where y is given by the ratio of the initial lithium concentration in the positive electrode and the 
maximum concentration in the solid phase of the positive electrode and is given as, 
 

                                                                      max
p,1c

0
p,1c

y =                                                      (5.33) 
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where 0
p,1c  and max

p,1c  are the initial and maximum lithium concentration in the solid phase of the 

positive electrode. A plot for the open circuit potential vs. state of charge for the manganese 
dioxide electrode is shown in Figure 5.35. 
 

 
Figure 5.35 - Open Circuit Potential of LiyMn2O4 as a function of SOC 

 
 
Initial and Boundary Conditions for the Electrochemical Model 
 
All the initial and boundary conditions used for the electrochemical model are discussed in the 
following section. 
 
 

• Initial Conditions 
 
Uniform initial conditions are specified for T, c and c1,k at time t=0 
 

a. The temperature of the cell is specified as, 
 

                         0TT =                                                                                  (5.34) 
 

b. The initial electrolyte concentration is, 
 

                                
0cc =                                                                               (5.35) 

 
c. The solid phase lithium concentration for negative electrode is , 

 

                                0
n,1cn,1c =                                                          (5.36) 

                                 
d. The solid phase lithium concentration for the positive electrode is, 
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• Boundary Conditions for the Charge balance in the Solid Phase 

 
a. On the copper current collector tab the potential in the solid phase is set to zero.  
 

                                
0k,1 =Φ

                                                                                      (5.38) 
 

b. While on the aluminium current collector tab, the solid phase current density is 
equated to the applied current density, because the current density is specified at 
the positive electrode current collector tab,  and expressed  

 

                 appI
n

k,1eff
k =

∂

Φ∂
σ−                                                                     (5.39) 

 
where n is the outward normal to the boundary and  appI  is the applied current 
density (A/m2).  

 
c. While at all other boundaries the, current in the solid phase is zero, and expressed as 
 

                  0
n

k,1eff
k =

∂

Φ∂
σ−                                                                           (5.40) 

 
Boundary Conditions for the Charge balance in the liquid/electrolyte Phase 
 

a. At the interfaces of the electrodes and the separator the potential in the solution phase 
i.e. 2φ  and its fluxes are continuous. 

 
b. At the outer boundaries, there is no charge flux in the liquid phase. Mathematically it 

is expressed as, 
                        

                                      
0

n
k,2eff

k =
∂

Φ∂
σ−                                                                       (5.41) 

 
Boundary Conditions for the material balance in the liquid/electrolyte phase 
        

 
                                                               (5.37) 
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The concentration of the binary electrolyte and its fluxes are continuous at the interface between 
the negative electrode/separator and the separator/positive electrode. At the outer boundaries, 
there is no mass flux. Mathematically it is expressed as, 
 

                                     0
n
ceff

kk =
∂
∂

−                                                                                  (5.42) 

5.4 - Thermal Analysis Model 
 
In order to understand the thermal behavior of the battery during the charge/discharge and the 
load cycle, the electrochemical model is solved along with the thermal model. The heat equation 
is given as, 
 

                                                                 (5.43) 

Where k is n for the negative electrode, p for the positive electrode and s for the separator, k,pC  
is the average specific heat conductivity of porous region, kρ  is the density of porous region, and 

kλ is the average thermal conductivity of region. The second term on the right-hand side i.e. q is 
the heat generation term, and is composed of three major components,  
  

i) Reaction heat generation due deviation of battery potential from equilibrium 
potential termed as irreversible heat generation,  

ii) Reversible heat generation due to the entropic effect, and  

iii) Ohmic heating due to charge transport through the electrodes, electrolytes and 
current collector plates. In the present work the ohmic heating in the collector plates 
is neglected. The total heat generation term is given as, 

 
                      

                                                

                                        (5.44) 
                                                                                                                  
The coefficient   in the above expression is, 

                                                                  (5.45) 
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Where k,1φ  and k,2Φ is the potential in the solid and the liquid phase in region k respectively (k 

is n for negative electrode and p for positive electrode), and jloc,k is the pore-wall flux of Li+ in 
the electrode k and is given by the Butler – Volmer Kinetics and kE  is the open circuit potential 
of the electrode k with respect to a lithium reference electrode. 
 
The first term in the right-hand side of equation 5.45 gives the deviation of the potential from the 
equilibrium potential and is termed as reversible heat; the second term arises from the entropic 
effects and is termed as reversible heat. The rest of the terms correspond to the ohmic heating. 
The first term from the ohmic heat part comes from the ohmic heat in the solid phase and the rest 
of the two terms arise from the ohmic heat in the solution phase. The reversible heat is found out 
from the experimental measurements done on both the carbon and the LiyMn2O4, and the data of 
the variation of the gradient of equilibrium potential with the state of charge (SOC) for the 
LiMn2O4 electrode is reported as an empirical relation [Thomas et.al., (2001)]. This data was fit 
in to the empirical relation, and the plot of the expression is shown in Figure 5.36. It shows that 
in a range of y values from approximately 0.45 to 0.60 and after approximately 0.75, dEp/dT 
values becomes negative. As the reversible heat is a function of dEp/dT, it is apparent that the 
reaction becomes endothermic and consumes energy when the y values are between 0.45 and 
0.60 and greater than 0.75. 
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Figure 5.36 - Gradient of Equilibrium potential with respect to temperature and the  

SOC for the positive (LiyMn2O4) electrode 
 
 
For the carbon electrode i.e. LixC6, experimental data was presented [Al Hallaj et.al., (2000)] on 
the variation of the gradient of open circuit potential with temperature as a function of the 
voltage. This data set was then used [Doyle et. al., (1996)] and the correlation for the variation of 
gradient of the open circuit potential vs. SOC was obtained and is given as a curve fit, shown in 
Figure 5.37. 
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Figure 5.37 - Gradient of Equilibrium potential with respect to temperature and the SOC of the 

Negative Carbon (LixC6) electrode. 
 
 
Results and Discussions 
 
The simulations which are presented are performed using COMSOL (commercial code) to 
analyze the performance of a Li-ion battery under different charge/discharge conditions and load 
cycles. Coupled electrochemical and thermal analysis is performed to demonstrate the effect of 
charge/discharge conditions on the heat generation rates and temperate rise in the battery.  
        
In order to see the sensitivity of temperature dependence on the species transport properties, 
simulations are performed using temperature-dependent (T-D) and temperature-independent (T-
ID) model. Figures 5.38 and 5.39 shows the cell potential and average cell temperature for the T-
D model and T-ID model when the cell is discharged at 2C- rate under adiabatic boundary 
conditions maintained at the bottom and at the sides, and convective cooled from the top where 
terminal are located. Adiabatic boundary conditions are given in order to see the variation in the 
temperature and cell potential when the cell is completely isolated from the surroundings.  
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Figure 5.38 - Cell potential for the coupled and decoupled model at 2C-rate 
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The cell potential curve shows that there is increased ohmic loss in the T-ID model than T-D 
model as the discharge progresses, and hence the voltage drop is more for it. It clearly shows that 
T-ID model increasingly under-predicts the cell potential as the discharge progresses with time. 
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Figure 5.39 - Average Cell Temperature for T-D and T-ID model at 2C discharge 

 
 
It is clear from the Figure 5.39 that the average cell temperature predicted by the T-ID model is 
significantly higher than that given by the T-D model. At the end of the discharge the T-D model 
predicts the temperature approximately 104°C as compared to the cell temperature of 122°C 
predicted by the T-ID model.  
 
The contour plots and the line plots shown in Figures 5.40 and 5.41 detail the temperature 
variation along the height of the cell for the temperature-independent and temperature-dependent 
model. 
 

      
a). T-ID Model                                                             b)T-D model 

Figure 5.40 - Contour Plots for temperature model 
(a) T-ID model (⁰C) variation along the height. (b)T-D 
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Results in Figure 5.40 show higher temperature near the mid section of the cell and a gradual 
drop in temperature towards the top surface due to diffusion of heat generated in the cell and 
convective cooling from the top surface.  
         
Figure 5.41 shows a line plot of temperature variation from the bottom surface to the top surface 
at the mid section. While both T-ID model and T-D model show peak temperature near the mid-
height of the battery, the T-ID model shows a significantly higher peak value nearer to the top 
surface.  For T-D model the cell temperature reaches to only 104°C, while for the T-ID model it 
reaches around 122°C, which is 18°C higher in T-ID model than T-D model. Moreover, the 
temperature drops fairly quickly along the cell height for the T-D model. At 0.3 m height the cell 
temperature is 122.4964 °C for the T-ID model which is 17.77% higher than T-D model. 
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a). T-ID model                                               b).T-D model  

 
Figure 5.41 - Temperature along the height (H=50cm) of the cell. 

(a) T-ID model    (b) T-D model 
 

 
This difference in the lower cell temperature and higher cell potential is due to better mass 
diffusion for the T-D model than T-ID model. The mass diffusivity of the ions increases with 
temperature and which in turn helps in facilitating easy ion transport. The concentration profiles 
for the temperature-independent and temperature-dependent model at height h=0.25m, from the 
bottom is shown in the Figure 5.42. 
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Figure 5.42 - Concentration profile at h=0.5m from the bottom for T-D and T-ID model 

 
 
From the above plot it is clear that the concentration profile for the T-D model is more flat than 
the profile of T-ID model. This is due to the enhanced diffusion of the species in the T-D model. 
This shows the importance of incorporating temperature-dependent transport properties. It can be 
concluded that the T-ID model may give rise to a high error in predicting the cell performance, 
and therefore the T-D model is used for further performance analysis of the lithium-ion cell. 
 
Analysis at Different C-Rates 
 
As C-rate represents the rate at which the battery is charged or discharged, a battery gets 
exhausted early if the C-rate is increased and it has a severe effect on the capacity as well as on 
the mass species transport and heat generation, heat transport and thermal state of the battery. 
The average cell temperature and the surface temperature of the cell also depend upon the C-rate 
and therefore to see the effect of the variation of the C-rate on the cell performance this analysis 
is of utmost importance. In this analysis, the thermal model includes convective boundary 
conditions with the convective heat transfer-coefficient on the top and on the sides, while the 
bottom is assumed as adiabatic. 
 
Figure 5.43 shows the cell potential drop during discharge at different C-rates. Results 
demonstrate that the battery gets exhausted early if the C-rate is increased and greatly affects the 
capacity of the battery. The plots indicate increase in ohmic losses with the discharge rates. At 
higher discharge rate, i.e. at 4C, the concentration loss is not seen. 

 

 

1500

1800

2100

2400

2700

3000

3300

3600

3900

4200

0 50 100 150 200 250 300 350

Sa
lt

 C
o

n
ce

n
tr

at
io

n
(m

o
le

s/
m

3
)

Full cell Thickness,x(m)

Temperature Independent Model

Temperature Dependent Model

Negative 
Electrode

Separator

Positive Electrode



 
 

144 

 
Figure 5.43 - Cell Potential at different Discharge Rates 

 
Contribution of different components of heat 
     
Figure 5.44 indicates the effects of increasing C-rates on heat generation. The contribution of the 
different components of heat such as reversible, irreversible and the ohmic components of heat at 
different C-rates are plotted. 
 

   
a). 1C-rate                                                  b). 2C-rate 

 

   
c). 3C-rate                                                          d). 4C-rate 

 
Figure 5.44 Contribution of all heats and cell temperature. 

(a) 1C-Rate (b) 2C-Rate (c) 3C-Rate (d) 4C-Rate 
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Figure 5.44 depicts some very interesting phenomena occurring in the cell. The noteworthy 
effect of increasing the C-rate on the contribution of different components of heat can be seen. 
Irreversible and ohmic heats are exothermic (i.e. heat releasing) for all the C-rates and its effect 
is the increment of temperature during the discharge. The ohmic heat continuously increases as 
the discharge proceeds and also increases with C-rate increment. The irreversible heat, on the 
other hand, also increases with the C-rate and at the end of discharge for 1C, 2C and 3C rate. The 
irreversible heat as represented by equation 5.44 is a function of (Φ1,k - Φ2,k - Ek),  which also 
represents the concentration loss. This heat goes up suddenly to a very high value at the end of 
discharge due to the prominence of the concentration loss, which can be seen in the cell potential 
curve in Figure 5.45. For 4C-rate, the concentration loss is not seen and that is why the sudden 
increase of the irreversible heat is not seen for this discharge rate. 
  
The reversible heat plays a very important role, as this is the only component of heat which goes 
negative during the discharge process. This endothermic (i.e. heat-consuming) effect of 
reversible heat has a significant effect on the temperature variation in the cell. The nature of the 
reversible heat curve is dictated by the dE/dT vs SOC curve. At the beginning of the discharge 
this heat is negative due to the negative values of dE/dT (i.e. 0.00008mV/K at initial SOC of 
0.56 for negative electrode). Now as the discharge proceeds, this value becomes positive and so 
is the reversible heat. 
       
The reversible heat plays a significant role in the lithium-ion cell even at a high discharge rate, 
but when the discharge rate is decreased the effect of reversible heat is further manifested. To see 
the effect of reversible heat at low discharge rate, a simulation run is performed by specifying a 
discharge rate of 0.1C. 
      
Figure 5.45 details several very interesting facts. At a low discharge (0.1C), i.e. when the cell is 
at near equilibrium, the importance of reversible heat is seen. Under these conditions most of the 
temperature rise takes place due to reversible heat generation and it can be seen from the close 
proximity of the reversible heat generation line with the total heat generation line. 
 

 
Figure 5.45 - Heat contribution and cell temperature at 0.1C 
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Figure 5.46 shows an increase in cell temperature with the increase in C-rate. The maximum cell 
temperature for 4C discharge is 24.45°C, which is approximately 19.1 % higher than the 
maximum temperature reached for 1C rate. Moreover, maximum temperature 4C rate is reached 
at the end of the discharge while for 1C-rate this temperature is reached approximately 69% 
depth-of-discharge. Increasing C-rate has a significant on the cell temperature and these calls for 
the need of a proper thermal management system for the battery storage system. 
 

 
   Figure 5.46 - Cell Temperature at different C-Rates 

 
Simulation results show sensitivity of discharge rates on the electrochemical performance and 
thermal conditions of the battery. Variation in the voltage loss due to reaction and ohmic 
irreversibilities are observed when subjected to different discharge and charge rates. The cell 
temperature distributions for increased discharge rates indicate the need for cooling of the cell in 
order to avoid thermal run-away. 
 
Simulation Analysis of Battery based on the Representative Load Cycle  
      
Simulation is performed based on a representative load cycle for a single cell that is derived from 
the load cycle of a loaded locomotive engine and regenerative braking system as was shown in 
Figure 5.7.  
        
Model set up and boundary conditions 

Following two cases are considered to demonstrate the effect of surface cooling on the battery 

performance: 

• Case I 

- Top and bottom boundary: Convective boundary with convection heat transfer 
coefficient of 1200 W/(m2K) 

 
- Sides of the battery: Adiabatic boundary 
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• Case II 

- Top boundary: Convective boundary with convection heat transfer coefficient of                     
1200 W/(m2K)   
 

- Sides & bottom of the battery: Adiabatic boundary 

 
Results and Discussions 
 
Simulations are performed using COMSOL commercial code to analyze the performance of a Li-
ion battery under different charge/discharge conditions and load cycles. Coupled electrochemical 
and thermal analysis is performed to demonstrate the effect of charge/discharge conditions on the 
heat generation rates and temperate rise in the battery.  

 

Case I: Convective cooling from top and bottom of the battery cell 

This case presents the results based on top battery surface cooling. The variation voltage with 
respect to time along with the load cycle is presented in Figure 5.47. The load cycle shown in 
this figure is only the initial portion of the complete load cycle shown in Fig. 5.2.  Results show 
how the voltage (secondary axis) follows the load cycle power requirement and available 
regenerative braking energy (both on primary axis). Load cycle includes first 500 sec and later 
700 sec of discharge rate at a varying current density; open circuit of 300 sec; and then 300 sec 
of charging rate at varying current density.  As expected when battery is supplying power, the 
voltage is dropping. It can be observed that during the first 500 s there is linear power 
requirement and voltage is dropping linearly. During the next 500-850 s, as regenerative energy 
is available, there is charging of battery and increases in voltage.  At some critical portion of 
open circuit, there is neither discharging nor charging, but due to internal reactions a slight rise in 
voltage is observed. Towards the end, a similar situation is observed and a slight rise in voltage 
signifies the overcome of losses in the process.  
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Figure 5.47 - Voltage drop and rise with respect to discharge and charge 

       

Figures 5.48 (a) and 5.48 (b) represent the solid phase and liquid phase lithium concentration at 
different times of the total run. These values are along the horizontal line plotted at the central 
region of the battery. The legend shows the different time slots on which solid phase 
concentration is plotted. The suffix C & D in legend represents charging and discharging 
respectively. The 720 s-line refers to charging where lithium in the anode is seen increasing. 
Similarly, there is continuous discharge after 1150 s corresponding continuous decrease in 
lithium concentration in solid phase. Similarly in the liquid phase during the same time period, a 
reverse process is observed, lithium concentration is decreasing during charging at 720 s and 
increased continuously during discharge.  
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Figure 5.48(a) - Lithium concentrations in the battery - Solid phase lithium concentration 

 

 
Figure 5.48(b) - Lithium concentrations in the battery - Liquid phase lithium concentrations 

 

In this section, the heat generation and temperature rise within the battery due to internal 
reactions and due to the continuous applied load are analyzed. Figures 5.49(a) and (b) shows the 
temperature contour plots across the battery cell at peak discharge and peak charge respectively.  
The temperature is varying within the range of 20°C to 90°C at the end of 1800 sec. The top and 
bottom sections of the battery are cooler because of the convective cooling from the top and the 
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bottom of the battery surface. This inner region is significantly higher in temperature due internal 
heat generation and shows an increased temperature value of  82.41°C towards the end of cycle.   

         
a) Peak Discharging                                                    b) Peak charging 

 
Figure 5.49 - Temperature distribution within the cell  

(a) peak discharging (b) peak charging 

 

Figure 5.50(a-d) shows temperature distribution across the cell at different time steps of the load 
cycle. Even with the use of convective cooling, results show continuous rise in cell core 
temperature with increase in time steps following the discharging and charging of the battery.   

 

 

 

 

 

 

 

 

 

 



 
 

151 

  
a).   1150 seconds                                                  b). 1450 seconds  

   
 c) 1650 seconds                                                         d) 1790 seconds  

 
Figure 5.50 - Temperature surface plot with h =1200K/m2 K at top and bottom boundary at 

different time steps of the load cycle  
(a) 1150 sec (b) 1450 sec (c) 1650 sec (d) 1790 sec  

 
 

Figure 5.51 shows the line plot of temperature variations at the top and the bottom of the cell, 
and the average cell temperature values of the vertical line connecting central top and bottom of 
the battery. While the top and bottom sections of the cell are effectively cooled and maintained 
around 30°C, the average cell temperature is undergoing a significantly higher rate of 
temperature increase and approaches as high as 68°C. 
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Figure 5.51 -  Cell temperature along the top and different points in the battery 

 

Figure 5.52 shows the different component of heat generation during the operation of the battery 
for a period of 1800 s. As we can see that the major contribution to the total heat generation is 
due to the ohmic heating throughout the cycle.  

 
Figure 5.52 - Heat generations within the battery 

 

Case II: Convective cooling from the top only 

This simulation study is based on the convective cooling at top only.  Figure 5.53 shows the 
contour plot of temperature variation across the cell.  
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Figure 5.53 - Temperature surface plot with h =1200 W/m2 K at top boundary 

 
The upper boundary is effectively cooled by convection, but the central and bottom regions are 
considerably higher in temperature.   
     
Figure 5.54 shows variation in cell temperature with increase in time along the load cycle. While 
the top and bottom sections of the cell are effectively cooled and maintained around 30 °C, the 
bottom section and the average cell are undergoing a significantly higher rate of temperature 
increase. The  average cell temperature at the end of 1800 sec is about 87°C as compared to 68°C 
in Case-I with convective cooling from both top and bottom of the battery surface. 
 

 
Figure 5.54 - Cell temperature along different points in the battery 
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Partial Load Cycle Analysis 
        
In the present study, a part of loaded locomotive engine load cycle is used for the thermal and 
electrochemical analysis of the battery simulation. The load cycle duration of 1800 seconds is 
considered and displayed in Figure 5.54 below. The load cycle takes into consideration the effect 
of the discharge, charge, and the open circuit. The time for each component of the load cycle 
consists of discharge as 1232 seconds, charge as 253 seconds and finally an open circuit as 315 
seconds. 
  
 

 
Figure 5.54 - Load cycle for simulation model 

        
In this case the amount of regenerative braking that is recovered for two cases, 100% and 
60% recovery, are compared. The complete recovery regenerative braking is actually not 
possible but in this case it will help to understand the effect of amount of temperature rise 
in the battery. The 60% case is considered to support the conclusion for the BESS. 
Results show contour plot at the end of the load cycle at 1800th second. 
 

  
(a) 100% recovery                                                           b) 60% recovery 

Figure 5.55 - Temperature variation  for  recovery of regenerative braking energy 
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Results show considerably higher cell temperature with increased percentage of 
recovered regenerative energy. For example, the maximum cell temperature is around 
88°C for the case 60% recovery as compared to 130°C for the case of 100 % recovery. 
For both cases the cell is considerably higher in temperature at the top section where 
negative and positive terminals are located, and where heat generation due to charge 
transport and ohmic heating is expected to be high. An extensive cooling scheme is 
required to keep the cell temperature with a reasonable temperature range for sustained 
battery kinetics and reactions and optimum cell operation, and for safe operation to avoid 
so-called thermal run-away of the battery.   From the above case it is clear that 60% 
recovery is more practical and compared to 100% case.  
 
In order to demonstrate the effect of temperature on the cell performance, a cooling 
condition is applied to the top and bottom of the battery and the performance is analyzed 
for voltage and temperature distribution. The cooling effect is produced with the 
convective boundary condition at the top and the bottom of the cell. The value of the heat 
transfer coefficient is chosen to be h = 300W/m2K, which is a representative value of 
natural convection cooling. Comparative results with the adiabatic case are also discussed 
next. 

 

 
Figure 5.56 - Comparative drop in voltage for 100% and 60% 

 
 

Figure 5.56 shows the variation in cell voltage during operation of the load cycle 
considering two cases: adiabatic and natural convection cooling. A small drop in cell 
voltage of 0.017 V is noticed for the case of convective cooling. However, the effect on 
cell temperature is considerably stronger.  Average cell temperatures are presented in the 
Figure 5.57. In the case of convective cooling the temperature dropped to 73 ºC 
compared to 87 ºC in adiabatic case. This shows that the thermal runaway of the battery 
can be controlled based on the proper thermal management. 
       
The effect on overall temperature leads to the analysis of the battery cell for more 
reduction in temperature and foresee the performance of the battery. The sides of the 
battery are maintained adiabatic, and to restrict the temperature rise a convective 
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boundary condition is applied at the top and the bottom, In the above discussed cases it is 
observed that the major temperature rise is at the top so major heat is removed from top 
and for uniform distribution of temperature bottom is also made convective. The heat 
transfer coefficient considered for this case is 1200 W/m2K. This condition has been 
incorporated in the model. Its effects on the performance of the battery are analyzed 
based on voltage, salt concentration, overall temperature, and heat generation. 
 

 
Figure 5.57 - Average cell temperature for convective and adiabatic case 

        
Under the convective condition, the voltage drop is similar to the adiabatic condition. In the open 
circuit the losses are occurring at 800 seconds to 1100 seconds, and the voltage tries to recover 
during this phase of 1550 seconds to 1650 seconds. During charging of the battery, the cell has 
been overcharged due to this rise in voltage to 4.4V. At the first open circuit the voltage drops 
from 4.4V to 4.2V. In the discharge phase before the second open circuit, the voltage drops 
below 3.5V, so the recovery of the voltage takes place, and the rise in the voltage is observed due 
to overcoming of the ohmic losses and the concentration losses.  
         
The load cycle is further analyzed for the salt concentration, temperature, and heat generation. 
The lithium concentration variations in solid and liquid phases are shown in Figure 5.58 (a & b).  

 

         
      (a) Lithium concentration in solid phase                  (b) Lithium concentration in liquid  phase 

Figure 5.58 - Variation lithium concentration distributions during the load cycle 
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The load cycle is applied to the model, and the convective boundary condition is applied at the 
top and bottom of the cell. The value of the heat transfer coefficient is 1200 W/m2 – K. This 
condition is applied to maintain the internal temperature at a lower value than the adiabatic case. 
            
As we can see that, there is considerable variation in lithium concentration in the electrode layers 
as the reaction proceeds. As the discharge reaction precedes, lithium ion concentration decrease 
in the solid phase on the left side of the negative electrode and increases the concentration with 
the liquid phase. The concentration gradient results in transport of lithium ion towards the 
positive electrode through the electrolyte. As the discharge continues, the solid phase 
concentration increases with the positive electrode. The process reverses as the load cycle moves 
into the region of charging.  
         
The diffusion during the initial 1100 seconds of the load cycle is similar to the diffusion in the 
adiabatic case. When the load cycle progresses beyond 1100 seconds the diffusion of the salt is 
faster. Thus, at the 1480th second the lithium in the liquid phase is greater compared to that in 
the adiabatic case.  
            
Heat generation in the cell during the convective condition is observed. The maximum amount of 
heat was generated during charging. The main component of heat contributing to overall heat 
generation and the temperature rise is the ohmic heat and displayed in Figure 5.59. More heat is 
generated with the convective boundary condition. These results follow analysis on the constant 
load cycle. The trend followed is the similar, and the total heat generated with the convective 
condition is 4.30 x 108 W/m in contrast to the adiabatic condition, 4.06 x 108 W/m. Thus, the 
increase in heat generation is 5.91%. 
 

 
Figure 5.59 - Heat generating components of battery along the complete load cycle 

 
The contour plots in Figure 5.60 (a-d) shows the variation of the temperature with respect to load 
cycle at different time steps. 
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(a)                                                                                     (b) 

   
(c )                                                                  (d) 

Figure 5.60 - Temperature contour plots 
 
Due to convective cooling, the top and bottom section of the cell remain cooler than the mid 
section of the cell as it clearly visible in Figure 5.60c and 5.60d as load cycle proceeds.  
       
Figure 5.61 shows variation in average cell temperature as well as temperature at the top and 
bottom sections of the cell with increase in time.  The initial rate of increase in temperature is 
lesser compared to that in the adiabatic case and the temperature is also controlled in the later 
stage. After charging during the 570th second, the temperature rise is slowly because of slow 
down of process and constant cooling. During open circuit average temperature reduces by 
significant amount and can be observed in the figure.  Finally, during the continuous discharge 
process the temperature rises sharply. Compared to the adiabatic condition the overall decrease 
in central temperature is from 87ºC to 67ºC.  
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Figure 5.61 - Regional cell temperature during convective condition 

 
A feasibility analysis concludes that a significant fraction of energy lost during dynamic braking 
is recoverable by regenerative braking. The Battery Energy Storage System is suitable to store 
the maximum available regenerative braking for the analyzed duty cycle. The volume of the fuel 
tank for the 2500Hp locomotive is nearly equal to 350 ft3 and the volume of BESS is nearly the 
same. This shows the reduction in fuel consumptions; reduce pollution emission, and potential 
reduction in fuel tank size.  
 
Battery simulation analysis shows considerable increase in temperature of the cell with increased 
percentage of regenerative energy recovered and with time during the engine load cycle 
involving high peak discharging and discharging. The temperature is better controlled in with 
effective convective cooling of the cell.  The overall temperature rise in case of adiabatic 
condition was 87.6ºC compared to 67.48ºC for the convective boundary condition considered. 
The heat generation is more in the case of convective boundary condition case due to enhance 
battery reactions compared to adiabatic boundary condition,  but the battery performance is 
better.  
      
Results presented in the previous section show strong effects of cooling on battery temperature 
and heat generation based on assuming a constant convection heat transfer coefficient. Increased 
cell temperature has strong influence on the charge conductivities, and hence on the ohmic 
heating and ohmic loss of the battery cell. Taking into consideration of the above results it is 
important to design a cooling system for effectively maintain all battery cells in the storage 
system within a safe and optimum range for efficient operation. To control the above mentioned 
affects a high performance cooling of battery system is required. Figure 5.62 shows a schematic 
of a forced air cooling flow domain in which batteries are stacked. A computational fluid 
dynamic analysis will be integrated with the electrochemical and thermal analysis of the battery. 
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Figure 5.62 - Schematic forced air cooling of battery storage system 

 
 
5.5 – Applications of Switched Reluctance Technology in the Railroad Industry 
 
Magnetic reluctance refers to storage of magnetic energy whereby a magnetic field results in a 
magnetic flux following a given path. Reluctance technology has been applied to electric motor 
applications in the form of “stepper” type motors using switched reluctance (SR) technology, 
including a rotor without magnets or windings the SR motor turns a rotor through application of 
magnetic attraction via rings of stator coils. With proper control and overlapping of coil 
energizing, the torque transfers smoothly from phase to phase. The magnitude and modulation of 
the current in the magnets and windings adjust the torque and speed. SR motors provide 
significant benefits relative to traditional electric motors. The simplified stator windings and a 
relatively light rotor without copper coils and insulation reduces the weight of the total motor 
while improving durability. There is no commutator maintenance, brushes, or associated rigging 
to be maintained and less heat is introduced into the rotor. The low inertia of the rotor benefits 
the life of the bearings and the motors can run forward or backwards, transitioning quickly 
without centrifugal forces wearing on traditional rotor copper insulation. SR motors also provide 
relatively high RPM capability, good power density (favorable power to weight ratio), and 
starting torque. They have high levels of efficiency under a range of loads as compared to 
conventional AC motors. SR motors have found practical application in a number of sectors 
including manufacturing equipment, nuclear control rod drives, domestic appliances and 
vehicles, notably construction and earthmoving equipment. Another major benefit is that SR 
motors transform seamlessly into generators.  By varying the timing of energizing the stator 
windings, the magnetic reluctance of the rotating armature induces a voltage in the windings.  As 
opposed to an AC traction alternator, there is no rotating field and associated slip rings in an SR 
generator.  It is relatively simple for the SR controller to command either motoring or braking 
torque in the motor.  In a locomotive application, the SR generator offers an advantage over 
conventional alternators with a simpler rotor, better power density, and no slip rings.  The 
rectification of the alternating phases into the DC link is more complicated with the SR generator 
(a conventional traction alternator has a passive rectifier), however, the rectification in an SR 
generator facilitates an easy conversion into the motoring mode.  In classic locomotives where 
the auxiliary and parasitic loads are engine-driven, an SR generator could drive these loads 
during dynamic braking. 
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The first recorded switched reluctance motor was in fact a railway application, and invented by 
R. Davidson in Scotland in 1838 it was used to propel a locomotive on the Glasgow – Edinburgh 
railway line [Hong et.al., 2010].   The motor was based on iron rotor elements driven by pulses 
from electromagnets in the stator.  It was the first example of what is now called a switched 
reluctance motor.  The motor comprised two electromagnets one on either side of a wooden rotor 
and three axial iron bars equally spaced around the periphery of the rotor.  The electromagnets 
were switched on and off in turn by means of a mechanical commutator driven from the rotors.  
Davidson used four of these motors to drive a 5 ton battery powered electric locomotive on the 
newly opened Edinburgh/Glasgow railway in 1842 reaching a speed of 4 mph over a distance of 
one and a half miles.  Davidson's motor was ahead of its time and was not developed into a 
practical product.  The more efficient electromagnetic rotors and stators as pioneered by 
Davenport became the norm and the reluctance motor was forgotten.  
 
In railroad locomotive application, DC traction motors using Davenport’s and Sturgeon’s 
principles developed throughout most of the twentieth century.  Despite first surfacing in the late 
1880’s, the AC induction motor didn’t see use in most locomotive applications until the early 
1990’s.  This was primarily due to an AC motor’s unfavorable low speed torque characteristics 
and the complications of variable speed AC motor control when compared to the DC traction 
motor.  It wasn’t until the introduction of modern power electronics and microprocessor control 
before AC traction motors appeared in locomotives.  As power electronic and microprocessors 
have improved in recent decades, AC induction motors have become the motor of choice. 
Presently most traction motors in locomotives are either DC series wound or AC induction 
motors.  In North America, the durability and simplicity of the DC motor control makes it an 
attractive option for most freight locomotive applications.  In freight applications, the AC motor 
is typically only found in high horsepower/high performance locomotives. In passenger 
operations, the AC motor has become the standard for most locomotives, self-propelled cars, and 
subway cars.  The greater power density and the high-power/high-speed characteristics of the AC 
motor outweigh the increased complexity of the controls. Figure 5.63 is a family tree illustrating 
the classification of the SR motor within the overall electric motor domain.  While not exactly an 
alternating current motor (and not exactly a direct current machine either), the SR motor is 
categorized as an alternating current motor.  Configured for a traction motor application, the SR 
motor is classified as a single/polyphase, reluctance, rotary SRM, radial field, doubly 
salient/concentric winding motor. 
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Figure 5.63: Family Tree of Electric Motors  

 
The research teams’ review of the published literature indicates that switched reluctance (SR) 
motors have evolved over several decades.  Numerous agencies, associations and universities 
have found it appropriate to analyze their technical features and potential economic benefits in 
comparison with traditional locomotive drives (DC adjustable speed motor drive and induction 
motor variable frequency adjustable speed drives). Interest in the SR motor was revived in the 
1960's when new semiconductor technology made electronic commutation possible and, because 
of its simplicity, the reluctance motor has found its way into many uses today.  Probably one of 
the earliest successful applications of the technology is the variable reluctance “stepper motor”.  
The first reference to the term switched-reluctance was made by S. A. Nasar in a paper in the 
IEE Proceedings in 1969 [Vijayraghaven, P., 2001].  The term became popular from the 1980’s 
onwards through the efforts of the first commercial exploiters of the technology, Switched 
Reluctance Drives Ltd.  The machines are alternatively known as variable reluctance motors, 
reflecting the origins of the technology being derived from VR stepper motors. The SR motor 
operation depends on sophisticated switching control that was more difficult and costly years 
ago.  Today, SR motors are becoming even more common place in appliances and industrial 
equipment due to solid-state power control devices.  The last quarter of the 20th century has been 
a period of remarkable progress in the development of power electronics technology.  This 
progress has been largely driven by successive developments in gate-controlled power switches 
leading to (IGBTs) Insulated Gate Bipolar Transistors that have high switching frequencies, are 
smaller in size and less expensive [Jahns and Blasko, 2001].   
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Numerous advantages are cited in favor of the SR motor.  Previous research and testing indicates 
that switched reluctance motors are attractive solutions for many applications due to their robust 
construction, low cost in mass production, reduced maintenance requirements, fault tolerance, 
high efficiency, rugged behavior and large torque output over a very wide speed range [Chen and 
Xie, 2008].  There are no brushes, winding, or magnets in the rotor, thus, the reliability of the SR 
motor drive is higher than that of other types of variable-speed motor drive systems.  The motion 
of an SR motor may be rotary or linear and the rotor may be interior or exterior.   
 
Cost to manufacture is a common issue addressed throughout these published research papers. 
Past studies projected SR system cost to be similar to that of the induction motor.  Depending on 
when the study was conducted, cost projections varied.  SR motor rotors contain no copper, 
however there is a greater iron laminations cost resulting in a similar rotor cost.  The SR stator 
copper windings volume is slightly lower than that of an induction stator; however the iron cost 
is substantially increased.  SR rotor and stator labor cost to manufacture is lower than that of an 
induction machine because of the electromagnetic simplicity; however this too is a small 
number.  Overall the SR motor is a little less expensive to manufacture compared to an induction 
motor [French, 1984]. The power electronics associated with an SR motor drive system is very 
similar to one driving an AC induction motor system. 
 
Reports indicate that semiconductor controlled railway stock has proven highly reliable [French, 
1984]. The SR machine semiconductor controlled drive system is ideal in safety-critical 
applications where fault tolerance is a basic requirement [Szabo and Ruba, 2009]. Motors are 
assumed to have a ten year life and rewinding of motors is, for some types, carried out on a 
scheduled basis to reduce the risk of in-service failure, though for others it is done as necessary.  
The three-phase induction motor has a higher risk of failure with severe damage compared to the 
configuration of a SR motor. The annual cost of repairs to reluctance motors will be much 
smaller than for either DC or induction motors.   A SR motor and drive total annual cost is 
projected to be approximate 25% of an induction motor and inverter of the same capacity 
[French, 1984]. 
 
Annual energy consumption by a diesel-electric locomotive or electric-grid powered locomotive 
is heavily dependent on routes, loads and speed.  When simply vehicle drive efficiency and the 
energy dissipated by each of the three railway drive systems are compared, the SR system and 
DC motor/chopper drive are approximately equal and the induction motor drive is approximately 
20% less efficient. Previous studies have shown that it is feasible to design a switched reluctance 
traction motor in the same space envelope as an induction motor.  The SR motor as a technology 
still has development potential that could bring its costs below those of an induction motor drive.  
Many of the traction drive applications require very high torque at low speeds and a constant 
power output capability over a wide speed range [Dordea, et al., 2001]. SR drive technology 
excels in these areas.  In addition, these applications often require high efficiency, small size, 
low weight, good thermal management, and a manageable response under fault conditions.  SR 
drive systems provide excellent performance for all of these metrics. When comparing the 
overall efficiency of series-wound DC traction motor systems and 3-phase AC induction traction 
motor systems, there are two aspects to be considered.  First, the direct conversion of traction 
alternator output power to provide power at the rail, and second, the net change in auxiliary 
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losses, such as cooling fans, coolant pumps, external commutation circuit losses, dynamic 
braking losses and microprocessor system loads.  
 
SR Motor Vendors For Railroad Applications.  
Although SR motor technology was invented decades ago, commercialization of the technology 
was limited until the advancements in power electronics, specifically the Insulated Gate Bipolar 
Transistor (IGBT) made control of the motors feasible.  The majority of the SR technology 
development has been in the private sector as manufacturing companies see the potential 
economic advantage of the motor over other power transmission systems.  Public sector research 
has been primarily in China and focused on specific mining applications.  Interestingly enough, 
the only known commercially-purchased locomotive with SR traction motors is operated by a 
public agency, the Toronto Transit Commission, using the technology developed in the private 
sector.  
 
Private Sector Entities 
Three private sector entities were identified as significant vendors for SR motor technology.  
Two of these, Nidec Corporation and LeTourneau Technologies share a common source of the 
initial research and development.  The third, Rocky Mountain Technologies, produces SR motors 
but in sizes too small for railroad traction applications.   
 
 

Nidec Corporation, Shinagawa-ku, Tokyo 141-0032, Japan 
Industry Role: Founded in 1973, Nidec is a Japanese corporation specializing in the 
development and manufacturing of motors for a wide range of applications ranging from 
high precision small motors used in computer hardware to large motors for industrial and 
transportation purposes.  
 
LeTourneau Technologies, Inc., Longview, Texas 75602 USA 
Industry Role: LeTourneau Technologies, Inc. (”LeTourneau”) is a global group of best-
in-class organizations specializing in the design, manufacture, implementation, and 
effective use of advanced technologies for onshore and offshore oil and gas drilling, 
forestry, mining, and steel markets. LeTourneau Technologies, Inc. provides SR drive 
motors and controllers, under license, through product offerings in its Mining Products 
Group. LeTourneau is a wholly owned subsidiary of Joy Global Inc.  
 
Rocky Mountain Technologies Inc., Basin, MT 59631 
Industry Role: Rocky Mountain Technologies provides 3 and 4 phase SR motors to the 
market. However these stock motors range between 1.1 - 24 peak HP, which are sold for 
light duty traction power applications. These smaller motors could be suitable for 
ancillary functions on rolling stock, but not for railroad traction power functions.  

 
 
The only public sector entity encountered actively working with SR drive applications for rail is 
a group affiliated with the China University of Mining & Technology in Xuzhou, China. This 
group is experimenting with a prototype of an SR drive locomotive for specialized mining 
applications. They have produced research papers oriented around this prototype in collaboration 
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with researchers from Dalhousie University in Canada and The University of Western Australia. 
The Toronto Transit Commission (TTC) has the only other known SR drive locomotive in 
operation.  This is a single work locomotive which entered service in 2007.  TTC is the third 
largest metro system in North America; TTC uses the locomotive to maintain the subway 
infrastructure in service on various work trains throughout the network of subway lines.  The 
locomotive was manufactured by ARVA Industries of St. Thomas, Ontario and uses SR traction 
motors developed by LeTourneau for their 1300 HP diesel-electric mine loader.  The locomotive 
is a dual mode locomotive and is powered by either TTC’s 600 VDC third rail or by a 625 HP 
diesel engine.  In the diesel mode, a conventional traction alternator is driven by the engine.  A 
rectifier converts the AC output of the alternator to 600 VDC which is fed to DC link bus. 
 
As a result of this research, LeTourneau was identified as the most likely source of SR traction 
motors suitable for railroad applications.  They have incorporated the SR technology into their 
product line and have a mature design which has proven itself in the tough mining environment.  
They have successfully scaled the technology developed by SRDL into the power ranges needed 
for rail applications.  Their prototype locomotive is successfully operating in a rail environment 
at the Toronto Transit Commission. Members of the research team met with LeTourneau’s 
managers and engineers and discussed the use of SR motors in locomotives.  LeTourneau 
supported the development work and offered to customize one of their SR motor configurations 
to the requirements the rail application would dictate. They have been pleased with the 
performance of the motors in the TTC locomotive and believe the motor would perform well in 
other locomotive applications. 
 
Four potential uses of SR technology in rail applications have been identified as follows: 
 

• Rail freight operation 
• Commuter/heavy-rail operation 
• Subway/rapid transit operation 
• Maintenance of way equipment 
 

The first three applications take advantage of the inherent efficiency in which the SR motor can 
transform from a motoring/powering mode to a braking/generating mode.  The fourth application 
uses the SR motor’s small size and high power density to replace hydrostatic drive systems.  
 
In the first two applications, the SR traction system involves an SR motor operating as a 
generator and coupled to a diesel engine.  The resulting DC power from the SR generator is 
consumed by the SR motors at the wheels to provide the locomotive’s tractive effort.  In a 
commuter locomotive, the hotel power for the train would be supplied by a 600 VDC – 480 VAC 
inverter.  The inverter would be similar to those used in dual mode locomotives or subway cars 
and would take its power from the 600 VDC produced by the SR generator.  As the locomotive 
resists the pull of gravity taking a freight train down a mountain or brakes a commuter train to a 
stop, the same SR traction motors become generators and the SR generator becomes a motor.  In 
a freight or commuter locomotive the SR generator (operating as a motor) overdrives the diesel 
engine and powers the engine parasitic loads (either mechanically driven by the engine or 
through a mechanically-coupled auxiliary alternator).  In this scenario, fuel to the diesel engine is 
entirely cut-off and the auxiliary power is supplied from the potential/kinetic energy in the train.  
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In the commuter application, the power from the traction motors in dynamic braking is also fed 
through the inverter to provide 480 VAC hotel power for the train.   
 

• Rail freight operation 
Rail freight operation involves the use of locomotives; either alone or in multiple-unit 
consists, pulling freight trains.  Until the last five – ten years, the vast majority of 
locomotives in freight service in North America used DC traction motors.  However, as 
power-electronic technology has improved, AC traction motors have become more 
common in freight applications.  The AC traction motor addresses many of the problems 
associated with DC traction motors and the use of AC traction motors makes switching to 
SR technology less compelling.  The primary benefit to the SR motor and its control 
technology over an AC system is its simplicity and lower cost.  A secondary benefit is the 
SR system’s ability to drive the engine and auxiliary systems in dynamic braking.  The 
passive traction rectifier in a conventional diesel-electric locomotive is unable to control 
the power generated by dynamic braking and use it to motor the traction alternator. In the 
rail freight scenario, the study evaluates the energy and cost savings realized by a freight 
railroad in which there is a significant hill to overcome in either direction.  In cooperation 
with the Gulf and Ohio Railways, the study simulates the energy consumption of a 
hypothetical train traveling over their Yadkin Valley Railroad in North Carolina from 
Rural Hall to North Wilkesboro with conventional DC traction locomotives.  This same 
train is then simulated using an SR locomotive in which all of the auxiliaries are powered 
by the SR motors in dynamic braking.  Energy consumption between the two traction 
systems is then compared.  The Gulf and Ohio is interested in this analysis and is 
providing track profile data, typical freight tonnage, and locomotive data necessary for an 
accurate comparison. 
 

• Commuter / heavy rail operation 

The commuter / heavy rail scenario is a passenger rail operation involving locomotive-
hauled passenger trains.  The load profile of repeated cycles of full acceleration, coast, 
and then full brake operation makes it an ideal candidate for an SR traction system.  In 
addition, the trailing coaches with their HVAC and lighting requirements represent an 
excellent load sink for the regenerated power developed by the SR traction motors.  
Trinity Express is a commuter rail service in the Dallas/Ft. Worth area providing 
passenger transport between Dallas and Ft. Worth. The service operates nine locomotives 
pulling trains of one – three cars each.  There are a total of forty-seven trains operated 
daily (weekdays) over a forty mile route with ten station stops.  Mr. Coran felt the Trinity 
operation would lend itself well to an SR motor application and is interested in the fuel 
savings realized by capturing the dynamic braking energy for use as 480 VAC hotel 
power in the train.    
 

• Subway / Rapid Transit operation 

The subway/rapid transit operation involves the use of multiple-unit, self-powered 
subway cars using SR motors as traction motors.  In this scenario, the kinetic energy 
converted by the traction motors during braking is regenerated back into the 600 VDC 
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third rail. The introduction of AC traction motors into subway cars has been more 
successful than with freight locomotives.  Subway cars require lower power levels and 
rarely encounter the low speed, high torque conditions problematic for early freight 
locomotive AC traction motors.  TTC operates approximately 750 transit cars.  The older 
fleet of 262 H5 and H6 cars uses DC traction and is being replaced by the new Toronto 
Rocket (TR) articulated, six-car train sets.  TTC has ordered 360 new TR cars and they 
are in the middle of the production run.  TTC expects to receive the entire order by the 
end of 2013.  They also operate the 372 T1 cars which they received in the mid-1990’s.  
Both the T1’s and the TR’s have AC traction.  In these vehicles, the AC traction motors 
regenerate power back into the third rail, powering other trains on the same rail and 
powering the auxiliary electrical loads in the cars all of the 600 VDC bus. 

 
• Maintenance of way equipment 

Machines manufactured for maintenance of way are virtual rolling factories.  For 
example, the Harsco TRT-909 Track Renewal System has functions that: 
 

• pull and reclaim spikes 
• remove and collect rail anchors 
• remove crossties and old rail 
• spread and level ballast 
• replace crossties 
• replace rail and fasten with spikes 
• heat and fasten rail joints 
 

In addition, the system has two trainborne gantry cranes that move old and new crossties 
onto conveyor belts and/or position them onto the tie-laying mechanism.  Finally, the 
Harsco TRT-909 is self-propelled during the track-renewal process.  All this equipment is 
powered by a 525 HP diesel driving variable-flow hydrostatic pumps which provide 
mechanical energy throughout the machine.  The hydraulic oil reservoir is 460 gallons. 
The hydrostatic drive systems are very compact, simple, and inexpensive.  However, they 
are notoriously fuel inefficient.  As SR technology improves and costs are reduced, 
smaller SR motor applications are replacing hydrostatic drives to address the inefficiency 
of the hydrostatic system.  In Europe, where hydrostatic drives are more common in 
locomotives, the Deutsche Bahn in Germany uses a Nidec SR motor to drive the air cycle 
system in their newest generation of Intercity Express (ICE) high speed passenger trains.  
Machines such as the Harsco TRT-909 represent a great possibility for significant fuel 
savings by replacing the hydrostatic systems with electric SR system. 
 

 
5.6 - Benefits and Feasibility of Switched Reluctance Drive Technology  
 
Based upon the literature reviewed and experiences of the investigators, switched reluctance 
(SR) motor technology in rail applications has four potential applications,   
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• Freight rail operations 
• Commuter / heavy rail operations 
• Subway / mass transit operations 
• Maintenance of way equipment 

 
Each candidate application was evaluated for the technical difficulty associated with adapting SR 
motor technology into the machine and percent energy savings over the existing technology 
realized by the adaptation. 
 

• Freight rail operations 

Converting an existing DC freight locomotive to an SR system involves two steps 
 

1. Replacing the series-wound DC traction motors with SR motors  
2. Replacing the main alternator with an SR generator.   

 
Adapting an SR motor to the traction motor application is fairly straight-forward 
electrically and little technical difficulty is anticipated; most of the anticipated challenges 
are mechanical.  Conversely, developing an SR generator to replace the existing traction 
and auxiliary alternator assembly doesn’t drive too many technical risks mechanically but 
does represent a significant (but not difficult) effort electrically.  
 
The existing traction motors are supported on the axle side by bearings (i.e. – axle support 
bearing) on the axle and by a set of ears (motor nose support) engaging a spring-pack 
assembly on the truck frame side.  The motor turns the axle via a single set of gears where 
the pinion gear is directly mounted to the motor rotor and a bull gear is mounted to the 
axle.  The most common gear ratio for freight applications is a 15-tooth pinion and a 62-
tooth bull gear.  The axle drive gears are protected by a set of gear cases.  Adapting an SR 
motor would involve the design of an axle-hung support bearing integral into the housing 
of the SR motor and a gear case assembly to shield the gearing.  The design is also 
constrained by the confines of the locomotive truck; the motor must be able to develop 
comparable power and torque to the DC traction motor in the same footprint when 
compared to the existing DC traction motors.  Presently, the DC traction motor completely 
fills available space in the truck. 
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Figure 5.64 – example of a traction motor installed in a truck frame 

 
The existing main alternator is a single-bearing device coupled to the engine crankshaft 
with the engine crankshaft bearing supporting the free end of the alternator.  The alternator 
has two components, an auxiliary alternator producing a variable frequency, variable 
voltage AC and the traction alternator.  The auxiliary alternator powers the locomotive’s 
parasitic loads such as cooling fans, battery charging, and air compressor (on some 
models).The traction alternator’s output is rectified to a DC power and provided to the 
traction motors.  The existing assembly resides in a compartment with space available to 
accommodate a larger SR generator if necessary.  The main engineering effort would be to 
adapt the auxiliary alternator portion of the main alternator to the SR generator.  A 
secondary design effort involves the controls and power electronics to replace the existing 
traction control system including interfacing with the locomotive’s engine and power 
commands.  The effort does not present much technical risk, but it is a significant 
engineering exercise. 
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Figure 5.65 – Example of a main alternator assembly in hood compartment 

 
Energy savings through the usage of SR were estimated using Systra Consulting’s 
RAILSIM Train Performance Calculator.  Track grades and curves were entered into the 
simulator using the Gulf and Ohio Railway’s Yadkin Valley line in North Carolina.  A 
typical unit train of three EMD SD40-2 locomotives (now Caterpillar EMD) and 75 loaded 
cars for a trailing 9,000 tons was modeled.  Results of the modeling are listed as follows: 
 

•Energy consumption (standard SD40-2 locomotives):  813 gallons 
•Energy consumption (SD40-2 locomotive with SR motor and generator):  804 gallons 
•Percent savings:  1.1% 

 
The 1.1% energy savings reflects the ability of the SR system to capture the kinetic and 
potential energy of the train as it traverses a mountain and uses the energy to power the 
locomotive’s parasitic loads while in dynamic braking. 

 
• Commuter/heavy rail operations 

The technical difficulty for converting a commuter locomotive to an SR system is very 
similar to the difficulty associated for a freight locomotive. The DC traction motors in a 
commuter locomotive are usually the same model as in a DC freight locomotive and they 
are mounted in the same fashion.  In many cases the gearing is taller; for example a 56:21 
gear ratio is often used versus the 62:15 gear ratio found in freight locomotives.  The 
existing main alternator is also the same.  The primary difference between the two 
locomotives is that a commuter locomotive has provisions for generating the 480 VAC 
hotel power for the passenger coaches.  This is usually accomplished by a 600-800 KW 
diesel generator mounted in the locomotive behind the traction engine.   
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In the SR commuter locomotive application, the 480 VAC hotel power would be generated 
from a 600 VDC – 480 VAC inverter.  The power output of the traction SR generator could 
be fed to the inverter, however, this would detract from the total diesel engine power 
available for accelerating the train.  For the SR application, it is planned to install a 625 
KW SR generator on the 480 VAC diesel generator engine.  Both the traction engine and 
the 480 VAC diesel engine (hotel power engine) will produce power for a common 600 
VDC bus.  The traction motors and the 480 VAC hotel power inverter will take power from 
the 600 VDC bus.  This configuration has the added attraction of allowing the hotel power 
engine to contribute to the tractive effort when hotel loads in the trailing coaches are less 
the 600 KW.  Conversely, the traction engine could power the 480 VAC hotel loads during 
light schedule runs and the hotel power engine can be shut down.  As in the case of the 
freight locomotive, this effort is not difficult technically but does represent a significant 
engineering undertaking.    
 
A similar estimation calculation on the energy savings through the usage of SR was 
completed using Systra Consulting’s RAILSIM Train Performance Calculator.  Track 
grades and curves were entered into the simulator using the 33.8 route mile Trinity Rail 
Express line between Fort Worth and Dallas, Texas.  A typical commuter train of one EMD 
F59PHI locomotive pulling four bi-level passenger cars at approximately 112,500 lbs each 
for a total of 225 trailing tons was modeled.  
 

•Energy consumption (standard F59PHI locomotive):  68.64 gallons 
•Energy consumption (F59PHI locomotive with SR motor and generator and SR-

powered hotel power):  65.32 gallons 
•Percent savings:  4.8% 

 
The energy savings are realized by the use of the kinetic energy in the train to power the 
480 VAC hotel loads (approximately 280 KW) in the trailing passenger cars during 
dynamic braking.  Note that in the scenario modeled for the initial assessment both the 
traction and the hotel power engine were running.  The detailed energy analysis will look at 
the performance during off-peak travel with light passenger loads and the hotel power 
engine shut down to see if even greater fuel savings are possible. 

 
• Subway / mass transit operations 

The SR traction system adapts very well to the nominal 600 VDC power supplied by a 
typical transit system’s third rail.  The SR-powered Toronto Transit Commission dual 
mode work locomotive was feasible due to the simplicity in switching the traction system 
back and forth from a diesel-powered generator/rectifier to the 600 VDC third rail.  An AC 
drive transit car represents the least difficult adaptation for an SR system; there is no diesel 
generator to replace and there are no engine system controls to integrate.  Adapting 
commands from the operator’s station would primarily involve recalibration between 
signals to the AC system versus the SR system. 
 
As in the case of the locomotives described above, there is some adaption work to fit the 
SR motor in the space within the transit car truck.  AC transit cars typically have truck 
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frame-mounted motors with more conventional attachments and gear drives than the axle-
hung motors in locomotives.  AC motors and SR motors are also similar in power-to-size 
ratios, with the SR motor slightly better.  This would make adapting the SR motor to the 
transit car truck simpler than the case of the locomotive traction motor and truck. 
 
Unfortunately, the AC transit car does not offer many opportunities for energy savings 
using an SR traction system.  In discussions with Toronto Transit, it was established the 
AC subway cars already regenerate power back into third rail during dynamic braking.  The 
auxiliary loads and the 480 VAC passenger hotel loads are all supplied from the third rail.  
When the transit car is in dynamic braking, its power is going into the auxiliary and hotel 
loads of the vehicle.  The only real advantages of the SR motor over the AC motor are the 
simpler control system (a variable frequency wave form isn’t required) and a slightly 
greater power output per unit volume. 

 
• Maintenance of way equipment 

Regarding energy savings realized by the use of SR motors in maintenance-of-way 
equipment, the research team consulted with Loram Maintenance of Way, Inc.  Loram 
produces a wide variety of machines associated with the maintenance and construction of 
railroad track and roadbed.  Our contact was the Service Group Manager of the company 
who is responsible for the service and maintenance functions of the organization.  The 
particular machine examined under this study was the RG403rail grinding machine.  In rail 
grinding a small amount of metal is mechanically removed from the surface of the rail head 
using a track-based machine applying rotating abrasive grinding stones in series.  
 
The RGU403 has a power capacity of 4 MW, of which approximately 50-60% is being 
used at a particular time. This machine is typically operated in train consists including the 
grinding vehicles and railcars for crew, supplies and fire-suppression equipment.  RGU403 
operation involves approximately 120 grinding motors running at 30-35 HP at 480 VAC 3 
phase.  The motors power grinding stones between six and ten inches in diameter. 
 
The machine is self-propelled by EMD D-77 100 amp 600 VDC 350 KW, 2250 RPM 
traction motors operating with an SCR control system and a power source from a diesel 
generator.  The traction system is designed to precisely control the speed of the machine 
during grinding which is typically between 15 – 10 mph.  It has a grade capacity of 2%, 
which will consume up to 90% of the available power if it is climbing this grade while 
grinding.  Typical operating cycles are 12 hour shifts in which 3 – 10 hours involve actual 
grinding.   
 
It should be noted that technical difficulties associated with converting the 480 VAC 
grinding motors to SR motors should be minimal.  The grinding motors are standard 480 
VAC, 3600 rpm, NEMA 286T frame three-phase motors.  These motors can be replaced by 
equivalent power/smaller footprint SR motors.  The SR power bus can be supplied by SR 
generators which would replace the existing AC alternators now on the machine.  In 
addition, the existing SCR traction drive system can also be replaced with SR motors. 
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As in the case of the subway vehicle using AC traction motors, the fuel savings realized by 
the use of SR motors in the rail grinder is minimal.  The efficiency of AC motors is similar 
to SR motors and the difference between the two does not justify the development effort.  
There are also not many opportunities for power regeneration in the rail grinding 
application.  Most of the energy is consumed by the grinding operation and is not 
transferred to potential or kinetic energy in any great quantities.  In discussions with the 
vendor it was determined that energy efficiency of the rail grinding equipment is not 
considered a critical cost consideration for operations of these machines.  

 
Comparisons 
 
Table 5.5 summarizes the results of the energy savings analysis described for each type of 
railroad system.  Despite being the most difficult application technically, the commuter 
application of SR motors has been selected for the detailed analysis in the balance of the research 
project.  The commuter application represents the greatest potential energy savings and it opens 
the way to some interesting possibilities for use of the hotel engine for traction and/or use of the 
traction engine for hotel power.  Coupled with a good energy storage system, overall engine 
sizes could be reduced to realize even greater fuel savings and exhaust emission reduction.   
 
The commuter application requires development of the SR-powered hotel generator and the 
packaging of the 600 VDC – 480 VAC three phase inverter for the hotel power. While this 
presents some design challenges in the placement of the equipment, the technology exists to 
make this feasible.  Accomplishing this packaging allows for the SR system to regenerate the 
kinetic energy in the train for passenger HVAC and lighting along with the locomotive 
auxiliaries.  
 
 
Table 5.5 – energy savings and technical difficulty by application 

 
 
 
• SR Test and Installation Specifications 
This specification presented are for the test scenarios and installation of the SR system in a heavy 
rail commuter application where unpowered passenger coaches are pulled or pushed by a 
locomotive. In general, the traction system components shall be of a robust industrial design 
capable of operating in railway service, and rated in accordance with IEEE standards for rotating 

   gy g    y y pp  

Application Technical difficulty Energy 
savings Comments 

Freight rail more involved with the development of 
the integral auxiliary alternator with the 
SR traction alternator 

1.1% application could realize much greater savings if 
energy could be stored rather than dissipated in 
resistance grids 

Commuter/heavy rail most difficult, requires development of an 
additional hotel-power SR generator and 
packaging a 600 VDC – 480 VAC inverter 
into the locomotive 

4.8% application could realize much greater savings if 
energy could be stored and reused during peak 
power demand upon acceleration from stations 

Subway/mass transit simplest, some changes to adapt the SR 
traction motor to the subway vehicle 
truck, no generator required 

minimal AC motors regenerate back into third rail power bus 

Maintenance of way 
equipment 

relatively simple, SR motors replace 
standard NEMA AC motors and DC drive 

minimal energy efficiency not a great concern to users; 
potential for increased reliability and resistance to 
dust with SR motors very attractive to manufacturers, 
grinding motor  is biggest maintenance item on the 
machine 
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electrical devices in railway applications. Preferably, the equipment shall have been designed for 
use in mobile applications. The following conditions must be met, 
 

- Safety 
Safety features to protect operators, maintainers, and other personnel from hazards due to 
the high voltage are required, including, barriers, guards, or shields preventing contact 
with energized equipment 
 
- Propulsion system  
The propulsion system shall take the power from an internal combustion engine and 
convert it into the tractive effort of the locomotive. The propulsion system shall produce, 
at a minimum, the tractive effort curve equivalent to an EMD F59-PHI with a 56:21 gear 
ratio and EMD D-78 traction motors under clean and dry rail conditions. 
 
-  Power components 
The power components and electronics shall be sized, constructed, and cooled to provide 
tractive power at the continuous rating without damage from overheating, over-current, 
or over-voltage over the entire speed range of the locomotive.  Forced-air cooling of the 
traction components is preferred; alternative cooling arrangements will be considered.   
 
-Traction motors 
The traction motors are to be the switched reluctance type.  The traction motors shall be 
sized, constructed, and cooled to provide tractive power at the continuous rating without 
damage from overheating, over-current, or over-voltage over the entire speed range of the 
locomotive.  Short time ratings for the traction motors are allowed with the duration and 
percent rating over continuous power stated. With the exception of the cooling air 
discharge ports, the traction motors shall be sealed to prevent contamination of the 
internal components of the motor from water, oil, dust, and other foreign matter. The 
tractive effort curve of an EMD F59-PHI locomotive corresponds to the motor speed-
torque curve as listed in Table 5.5, assuming 800 HP per motor and 92% gear efficiency.  
The SR traction motor performance characteristics shall match the values listed in Table 
5.6.  The traction motor insulation shall be Class H and vacuum impregnated. 
 

Table 5.6 – SR motor speed-torque curve 
Speed (rpm) Torque (ft-lbf) 

stall 10,075 

360 10,075 

500 7,700 

1000 3,800 

1500 2,570 

2000 1,930 

2500 1,545 
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Short-time ratings are acceptable to meet traction motor performance characteristics 
specified in Table 5-6 provided the ratings comply with the following at a minimum:  
 

 5 minute rating – 10,075 ft-lbf 
 Continuous rating – 5975 ft-lbf 

 
The traction motors shall be designed to be compatible with the existing Blomberg trucks 
in the EMD locomotive.  This includes a nose support engaging the existing spring pack 
mounted on the truck frame and a bearing arrangement supporting the traction motor 
weight on the axle. In addition, the traction motor bearings shall be of a robust design and 
sealed.  Greased traction motor bearings requiring interim maintenance between 
overhauls are not permitted.  Traction motors, gear boxes, bearings, and related mounting 
components and bearings shall be designed and selected to operate reliably for a 
complete wheel wear cycle, or 250,000 miles between overhauls or re-greasing. Time 
periods of other inspection or maintenance requirements of the traction motors and gear 
boxes shall be in accordance with the FRA-mandated maintenance cycle of 92-day 
inspections. 
 
-Wheel slip/slide control  
The locomotive propulsion system shall have a wheel slip/slide control feature to protect 
the locomotive wheels, traction motors, and other propulsion equipment from damage 
due to spinning (in motoring) or sliding (in braking) in all track surface conditions.  The 
wheel slip/slide system shall also operate to reduce power in the event of a wheel spin 
during high traction situations (such as accelerating away from a station under full 
power).  The wheel slip system shall have the ability to control traction motor torque 
sufficient to maintain a minimum 25% tractive effort. In the event a wheel slip or slide 
occurs, the system shall illuminate an indication on both of the driver’s consoles of the 
slip or slide. 
 
-Ground fault protection 
The high voltage and traction circuits shall be protected by a ground fault sensing and 
protection system.  The ground fault system shall sense leakage current to ground and 
reduce traction power to zero when this occurs.  The system shall provide a visual 
warning on both of the driver’s consoles as well as sound an audible alarm in both cabs.   
 
-Ground fault reset 
The locomotive shall be equipped with an automatic ground fault reset such that power 
will be restored once the traction power is reduced to zero.  After three activations, the 
automatic reset shall be stopped.  The locomotive shall have manual ground fault reset 
buttons located on the consoles.  These buttons shall reset the automatic counter and 
allow the locomotive to take power again. 
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-Dynamic braking 
The locomotive shall be equipped with dynamic braking using the traction motors as 
generators.  The energy taken from the movement of the train shall be dissipated into 
power for: 
 
 The locomotive’s blowers, fans, control power, and compressors 
 The hotel loads of lighting and HVAC in the trailing passenger cars via a 600 

VDC – 480 VAC three phase inverter. 

 
The braking effort developed by the electric braking system shall be regulated to provide 
a constant braking effort at high speeds where adhesion and the locomotive’s ratings are 
the limiting factor.  During these conditions, the dynamic braking effort curve of the 
locomotive shall correspond to the maximum torque/speed curve of the traction motor.  
At lower speeds, the electric braking effort shall decrease smoothly as the energy 
available in the train decreases.  Control of the electric braking effort by the operator 
shall be with both a separate range of traction controller handle movement, or blended 
with the pneumatic brake handle.  The combined braking effort shall be constant as the 
train speed approaches zero in the blended pneumatic brake arrangement.  The pneumatic 
brake effort shall be gradually increased as the electric braking effort decreases. 
 
-Control voltage 
The controls of the SR system shall be designed to be compatible with the locomotive 
control system voltage of 64 – 72 VDC, including the significant voltage drop to 28 – 30 
VDC for 3 – 20 seconds during engine cranking.  The SR controllers are permitted to 
shut down temporarily during engine cranking provided an automatic restart and reboot 
occurs once the control voltage recovers above 64 VDC.  Boot and start-up time of the 
controller shall be less than 15 seconds. 
 
- Main generator assembly 
The main generator assembly shall contain both the traction generator and the auxiliary 
alternator on a common rotor shaft.  With the exception of the cooling air discharge ports, 
the main generator shall be sealed to prevent contamination of the internal components of 
the generator from water, oil, dust, and other foreign matter. A single bearing main 
generator arrangement is preferred in which the free end of the generator rotor is 
supported by the EMD engine crankshaft bearing.  The opposite end of the rotor is to be 
supported by a bearing with sufficient float to allow for thermal expansion and a thrust 
capacity of 8 g during longitudinal impacts.  A double bearing configuration is 
permissible provided the overall length of the generator assembly is no more than 12” 
longer than the existing assembly.  The main generator rotor bearings shall be of a robust 
design and sealed.  Greased bearings requiring interim maintenance between overhauls 
are not permitted. The main generator assembly shall be designed to require overhauls in 
accordance with the EMD engine overhaul cycle of 30,000 hours.  Time periods of other 
inspection or maintenance requirements of the generator components shall be in 
accordance with the FRA-mandated maintenance cycle of 92-day inspections. The main 



 
 

177 

alternator mounting shall be designed to be compatible with the existing EMD F59 PHI 
crankshaft flexible coupling disk and the engine flywheel housing bolt arrangement.  
 
The traction generator shall be the switched reluctance type.  It shall share the same rotor 
shaft as the auxiliary alternator.  Insulation shall be class H and vacuum impregnated.  
The traction generator and its controller shall be sized, constructed, and cooled to provide 
tractive power at the continuous rating without damage from overheating, over-current, 
or over-voltage over the entire speed range of the locomotive.  Short time ratings for the 
traction generator are allowed with the duration and percent rating over continuous power 
stated and shall be compatible with the short time ratings for the traction motors stated 
previously.  The auxiliary alternator shall be designed to match the volt and frequency 
characteristics of the EMD F59 PHI auxiliary alternator.  It shall share the same rotor 
shaft as the traction generator.  Insulation shall be class H and vacuum impregnated.  It 
shall be excited via slip rings and the existing EMD 64 – 72 VDC control power.    
 
- Hotel power 
Hotel power shall be generated by a 625 KW, 600 VDC – 480 VAC three phase inverter.  
The inverter shall be forced air cooled.  Power to the inverter shall by supplied by the 
existing hotel power diesel engine.  Controls of the SR hotel power SR generator shall be 
similar to those of the SR traction motor and generator. 

 
 
Comparative Analysis Scenario Development 
 
This section presents the detailed analysis of the benefits realized by the adaption of SR 
technology to the commuter application.  It is basically a comparison between the operational 
scenarios using the existing locomotive and an SR-equipped locomotive.  Fuel expenses and 
other cost drivers are examined between the two technologies to identify the overall gains 
possible with the SR technology. 
 
Trinity Rail Express (TRE) operational scenario commuter rail 
The base case for commuter rail type of operation is the Trinity Rail Express (TRE).  Preliminary 
modeling of the fuel consumption of the TRE operation using a conventional locomotive and an 
SR-equipped locomotive resulted in a 5.5% fuel savings of the SR-equipped locomotive over the 
conventional in a typical westbound run.  The detailed energy analysis will expand on the 
preliminary assessment by modeling in greater detail the operation of the TRE service.   
 
The comparative analysis is between the use of a conventional locomotive and an SR-equipped 
locomotive in the daily operation of the TRE service.  In the base case and the test case (i.e. – the 
service using the SR locomotive), the basic railway infrastructure and service objectives are the 
same.  The primary difference between the cases is the technology used in the traction and hotel 
power systems of the locomotive pulling the train. The performance modeling in both cases 
follows the schedules in the timetables published by TRE.  However, an alternative schedule is 
also presented for the test case which is made possible by the SR technology employed in this 
scenario.  The alternative schedule reflects the shutting down of the hotel power engine and 
operating the train with just one engine for traction and hotel power during off-peak runs when 
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the passenger loads and trip urgency are lower.  The impact of this reduced power on the 
schedule along with the potential savings realized by shutting down an engine is analyzed.  
 
The base case definition begins by understanding exactly how a typical commuter rail operation 
plans and delivers the service.  TRE is a commuter rail line in the Dallas-Fort Worth Metroplex.  
It was established by an inter-local agreement between Dallas Area Rapid Transit (DART) and 
the Fort Worth Transportation Authority (The T).  Each transit authority owns a 50% stake in the 
joint rail project.  The TRE began operation in December, 1996 and contractor Herzog Transit 
Services operates the line.  Named after the Trinity River that flows between Fort Worth and 
Dallas, the TRE provides rail service between Downtown Dallas and downtown Fort Worth. The 
eastern terminus of the TRE line is Dallas Union Station on the west side of downtown Dallas.  
From Dallas Union Station, the line runs northwest, past the American Airlines Center (home of 
the Mavericks and Stars), through Irving, Hurst and Richland Hills before ending with two stops 
in downtown Fort Worth (the Fort Worth Intermodal Transportation Center and the T&P  
Station. There are a total of ten regular station stops. The TRE commuter railroad (or regional 
railroad) uses diesel locomotive-hauled bi-level passenger cars for urban passenger train service 
consisting of local short distance travel between two central cities and adjacent suburbs. Annual 
ridership is 2.5 million. 
 
Operational scenarios 
TRE operates 47 daily trains Monday-Friday and 23 daily trains on Saturday. The 35 miles of 
track is jointly owned by Dart and The T and is dispatched by TRE from their Irving Service 
Center.  TRE owns and operates nine (9) locomotives and twenty-five (25) passenger cars. The 
TRE railroad corridor is rated for a maximum speed of 79 mph.  Corridor train timetables were 
developed for a 75 mph service based on preliminary demand estimates for each of the potential 
station locations and an optimal number of train frequencies were determined.  The goal of TRE 
was to maximize the utilization of the train sets so it would be possible to capture a portion of the 
daily commuter traffic to and from Dallas-Fort Worth and the suburbs in-between, provide an 
effective intercity service for business travelers while still providing recreational and leisure 
travelers with convenient options. Clearly the higher the frequency of service possible the easier 
it was to meet these needs. 
 
TRE developed a daily train departure frequency that varies from 30 minutes to 2 hours to 
properly serve the morning and late afternoon peak periods. For this analysis, we will 
conservatively consider that TRE operates 44 (one-way) trains on a weekday and 20 trains on 
Saturday.  From East to West, the Stations are as follows, 
 

•  Dallas Union Station 
•  Victory Station 
•  Medical/Market Center Station 
•  South Irving Station 
•  West Irving Station 
•  CenterPort/DFW Airport Station 
•  Hurs/Bell Station 
•  Richland Hills Station 
•  Fort Worth Intermodal Transportation Center 
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•  T&P Station  
 
TRE is a 35 mile route and while the distance between these stations varies, the trains’ average 
operating duration between stations is approximately 6 minutes.  This route results in the rolling 
stock accelerating and braking to a stop 9 times per scheduled train.  Energy from the on-board 
fuel is transformed into kinetic energy when the train is accelerated. The kinetic energy is then 
transformed into heat and discharged into the atmosphere as the train brakes to a stop at every 
station, which occurs at least 112,320 times per year. The number of train sets required for day-
to-day operations must be large enough to cover all assignments in the operating plan with 
sufficient spares for maintenance, yet without excess equipment sitting idle. TRE goal is to 
provide 1 hr or less trip times from Fort Worth T&P Station to Dallas Union Station.  
 
The most common TRE unit consists of one EMD F59-PHI locomotive, three (3) bi-level 
trailers, and one (1) bi-level cab car, or a train with approximately 592 seats. This five car unit 
consumes approximately 2 gal/mile, for the 35 mile route that is 70 gallons, thus, with 12,480 
scheduled trains per year, approximately 873,600 gallons of diesel fuel is consumed annually.   
 
The EMD F59-PHI locomotive is equipped with a dynamic braking feature which converts the 
traction motors to generators and uses the kinetic energy in the train to rotate the traction 
motors/generators to generate electric energy.  This energy generation requires a torque on the 
locomotive’s wheels; the torque results in a braking effort on the train and the train slows down.  
The electrical energy is discharged from the locomotive through a resistance bank as heat.  None 
of the electrical energy is recaptured for other power demands. 
 
Test case rolling stock utilized 
The test case utilized in this study involves the same trailing wagons and passenger loads as the 
base case.  However, the locomotive is able to capture the energy dissipated during dynamic 
braking as regenerative energy.  The regenerative energy is then used to drive the locomotive 
engine auxiliary systems and the hotel loads on the trailing passenger cars. The SR system uses 
the electrical energy developed during dynamic braking in two different fashions.  Similar to the 
base case, the energy is developed by converting the traction motors to generators.  Rather than 
venting it all through the resistance grids, some of the energy is consumed by the SR generator 
which is operated like a motor (inverted in the same manner as the traction motors, but in this 
case the generator becomes a motor instead of vice versa).  The SR generator/motor rotates the 
auxiliary alternator and also overdrives the diesel engine.  The auxiliary alternator continues to 
power the auxiliary loads as it does when driven by the engine.  The mechanical-drive auxiliaries 
such as the air compressor, water pumps, oil pumps, etc. are driven by the rotating diesel engine, 
where the typical auxiliary loads consist of,  
 

• Radiator cooling fans:  75 – 100 HP (total) 
• Air compressor:  60 HP 
• Alternator and traction motor blower:  100 HP 
• Engine mechanical pumps:  30 HP 
• Low voltage battery charging and alternator excitation:  25 HP 
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The SR system also makes it possible to consume the regenerative energy via the electrical hotel 
loads of the trailing passenger cars.  This involves the use of a 600 VDC to 480 VAC inverter 
which takes the 600 VDC developed by the traction motors/generators and converts it to 480 
VAC.  The 480 VAC is fed to the trailing coaches for hotel loads.  The hotel loads normally total 
around 90 HP per car, where typical hotel loads in the trailing coaches include,  
 
 

• Passenger heating or air conditioning 
• Passenger lighting 
• Passenger 120 VAC receptacles 
• Battery charging and emergency lighting 

 
In addition to the regenerative energy feature, this research paper also looks at an “off-peak” 
operation in which the hotel power engine is shut down and the traction engine provides the hotel 
power via the shared 600 VDC bus.  The schedule impact of shutting down the hotel power 
engine and diverting some of the traction power from the traction engine is examined, taking into 
account reduced passenger weight on the off-peak runs.  This reduction is performance is 
compared to cost savings associated with reduced maintenance and fuel costs. 
 
SR system diagrams 
The figures on the following pages illustrate the SR system operation in the test case scenario.  
The SR system was modeled in three distinct modes: normal motoring, dynamic braking, and 
off-peak motoring.  The diagrams 1-3 represent the power flows in each of these modes.  During 
normal motoring, the traction engine and the hotel power engine provide power to the 600 VDC 
bus via the SR generators.  The power flow from the traction engine (shown in red) is directed 
only to the traction motors.  The traction engine also powers the locomotive auxiliary loads and 
the traction engine mechanical loads.  The hotel power engine powers its mechanical loads and 
drives a second, smaller SR generator.  The hotel power engine power flow (shown in blue) is 
directed only to the trailing coaches via the 600 VDC to 480 VAC inverter.  
 
During dynamic braking, the traction motors are operated as generators and the regenerated 
power they produce (shown in green) is supplied to the 600 VDC bus. The traction engine SR 
generator is then operated as a motor and drives the auxiliary generator and overdrives the diesel 
engine, powering the auxiliary loads.  The regenerated power is also furnished to the hotel power 
engine SR generator (to drive the hotel power engine’s mechanical loads) as well as to the 600 
VDC to 480 VAC inverter for the trailing coaches.  Since the kinetic energy is so great in the 
moving train at higher speeds, the excess power is dissipated in the dynamic braking grids.  
Without this dissipation in the braking grids, voltage on the 600 VDC bus would rise 
considerably to an overvoltage condition. 
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Figure 66(a) – SR locomotive concept diagram (normal motoring) 

 
 
 
 

 
  

Figure 5.66 (b) – SR locomotive concept diagram (dynamic braking) 
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Figure 5.67 – SR locomotive concept diagram (off-peak motoring) 

 
 In the off-peak motoring mode the hotel power engine is shut down.  The traction engine 
provides the power to the traction motors, the auxiliary loads, and the 600 VDC to 480 VAC 
inverter for the hotel power to the trailing coaches.  
 
Performance calculations 
Performance calculations were made to understand:  
 

1) the relative degradation of acceleration times using the traction engine as the sole 
power source during off-peak motoring, and  
 
2) the amount of power dissipated by the braking grids during dynamic braking. 

 
The traction diesel engine in the EMD F59 PHI locomotive is rated at 3200 HP tractive 
horsepower and the hotel power diesel engine in the locomotive is rated at 840 HP.  With four 
trailing coaches and a 30% passenger load, the trailing tonnage is 367 tons.  Four trailing coaches 
also will consume 400 HP of hotel power.  
 
Table 5.7 – acceleration comparison for off-peak and peak motoring (0-70 mph)  

Scenario Weight Acceleration time 
(0-70 mph) 

Off-peak (2800 HP) 367 tons 124 seconds 

Peak (3200 HP) 428 tons 126 seconds 
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As can be seen from the preceding table, the acceleration of a lightly loaded passenger train with 
a 2800 HP locomotive should be approximately equivalent to a fully loaded passenger train with 
a 3200 HP locomotive. 
 
The kinetic energy in the train at 70 mph represents a significant amount of energy.  It is the 
result of a 3200 HP diesel engine doing work (minus electrical, gearing, and rolling resistance 
losses) for approximately 125 seconds as it accelerates the train.  Consequently, in order to brake 
the train at a practical speed, the energy dissipation rate must be significantly greater than the 
power consumed by the auxiliary loads and the trailing coaches.  Consider that the traction 
motors in the F59-PHI locomotive are rated at approximately 1000 HP.  This gives a braking 
power of 4300 HP (assuming 93% efficiency in the traction motors), resulting in an approximate 
40-second time duration to slow the train from 70 mph to 40 mph.   
  

 
 
SR Operating costs 
 
Operating costs are first categorized as variable or fixed. 
 

• Variable or Direct costs change with the volume of activity and are directly 
dependent on ridership, passenger miles or train miles. For each variable cost, a 
principal cost driver is identified and used to determine the total cost of that operating 
variable. An increase or decrease in any of these will directly drive operating costs 
higher or lower. 

• Fixed costs are generally predetermined, but may be influenced by external factors, 
such as the volume of freight tonnage that may operate over the commuter corridor or 
may include a relatively small component of activity-driven costs. As a rule, costs 
identified as fixed should remain stable across a broad range of service intensities. 
Within fixed costs are two sub-categories: 

• Route costs such as track maintenance and station expense that, although fixed, can 
still be clearly identified at the route level. 

• Overhead or System costs such as headquarters management, call center, accounting, 
legal, and other corporate fixed costs that are shared across routes or even nationally. 
A portion of overhead cost (such as direct line supervision) may be directly 
identifiable but most of the cost is fixed. Accordingly, assignment of such costs 
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becomes an allocation issue that raises equity concerns. These kinds of fixed costs are 
handled separately. 

 
Typically, nine specific cost areas are applicable to most commuter systems similar to TRE.  As 
shown below, variable costs include equipment maintenance, energy and fuel, train and onboard 
(OBS) service crews, and insurance liability. Ridership influences marketing, sales and station 
costs. Fixed costs include administrative costs, and track and right-of-way maintenance costs.  
 

Equipment Maintenance – a variable cost that is related to the number of miles the 
equipment operates, the severity of the operation (grades, quantity of 
accelerations/decelerations, number of engine starts and the load.   

Energy and Fuel – a variable cost that is related to the number of miles the equipment 
operates, the severity of the operation (grades, quantity of accelerations/decelerations, 
number of engine starts and the load.   

Train and Engine Crews – a variable cost that is related to the miles  operated/hours 
of actual operation.  

Onboard Service Crews - a variable cost that is related to providing food service on the 
train.  TRE does not provide these types of services.  

Insurance Liability – a variable cost that is directly associated with the actual number of 
passengers carried by the commuter rail system.  

Sales and Marketing – a variable cost that is related to the number of passengers.  

Service Administration – a fixed cost that consists of headquarters management, 
accounting, legal, etc.  

Track and ROW Maintenance - A commuter rail fixed cost that can be affected by 
excessive heavy freight usage.  Includes track maintenance costs and dispatching.  

Station Costs – a fixed cost that includes personnel, ticketing machines and station 
operation expenses.  

 
There are several heavy commuter rail passenger systems in operation that utilize rolling stock 
similar to TRE.  The combination of the relatively modern EMD locomotive and bi-level 
coaches provides an efficient trainset with good seating capacity.  The typical maintenance 
budget value for the locomotives is $3.00/train mile.  The bi-level coach maintenance value is 
$0.78/mile/coach.  TRE operates 4 coaches with each locomotive producing a coach 
maintenance value of $3.12/train mile.   
 
The SR system utilizes the electrical energy developed during dynamic braking to overdrive the 
main diesel (and its auxiliaries) with the SR generator (shutting off all fuel flow to the main 
engine).  Also, during the off peak operation, the separate hotel power generator will be shut off 
and power for the coach hotel loads will come from the main diesel unit. This operational 
scenario has a positive effect on two of the above mentioned variable costs; fuel/energy and 
equipment maintenance.  
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Fuel and energy - The TRE commuter rail trainset fleet is powered by 9 EMD F59s.  
Seven are F59PH models manufactured between 1988 and 1994.  Two are EMD F59PHI 
models manufactured in 2001.  Based on years of operation on the corridor tracking fuel 
consumption, the TRE trainset averages a fuel burn of 2.0 gallons/mile.  This average 
includes both the EMD main traction engine and the CAT HEP unit.  At TRE’s 
contracted price of $2.35/gallon, the fuel cost/mile is $4.70.  
 
Equipment maintenance  - TRE utilizes CAT diesel driven HEP units for hotel electric 
power.  Figures from a similar-sized engine operating in another commuter operation at a 
35% duty cycle indicate the average maintenance cost is $7.00 per hour of operation.  
Each one-way, 35-mile trip between Dallas and Fort Worth in either direction takes 
approximately one hour, including the brief station stops.  Dwell time at the line 
termination points is longer than the intermediate stations stops.  The $7.00 per hour rate 
is converted to $ per mile by dividing $7.00 by 35 miles and adding an addition 25% cost 
to cover standby operation, or: [($7.00 maintenance cost / hour) / (35 miles / hour)] x 
1.25 = $0.25 maintenance cost per mile. Shutting down the hotel power engine during the 
off-peak runs will reduce this cost driver by $0.25 per mile. 

 
5.7 - Switch Reluctance Modeling 
 
The RAILSIM train performance calculator models train performance by evaluating the train 
forces acting on a train at a specific point in time and then using equations of motion to predict 
acceleration, velocity, and distance over a time interval.  The time step is then incremented over 
the interval to the next time step and the process repeats.  The time interval is user-defined 
between 0.1 second and 1.0 second; for the TRE calculations it is set at 0.1 second.  Factors such 
as speed restrictions, station stops, station dwell times, and other external parameters are 
considered in the calculation at every time step.  Inputs required by the train performance 
calculator involve schedule information, track profile, and rolling stock parameters. 
 
Figure 5.68 shows a map of the TRE service area showing the station stops, and Figure 5.69 
details the operating schedule for the service.  Information from both of these sources was used 
to develop a model of the train performance over a round trip run between Fort Worth and 
Dallas.  For the eastbound route, train #2904 departing T&P Station at 6:10 AM was selected; for 
the westbound route, train #2905 departing Dallas Union Station at 6:19 AM was used.  Dwell 
times in the station were adjusted in the program so as to match the arrival and departure times 
based on train performance with the published schedule. 
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Figure 5.68 – Map of TRE service area with stations 

 
TRE is unusual as a commuter rail operation.  Rather than serving a single population center 
with traffic flows peaking into the city during the AM rush and out of the city during the PM 
rush, TRE serves two population centers.  The majority of the traffic is to and from Dallas, but 
there is still a good deal of traffic to and from Fort Worth as well as station-to-station traffic 
between the intermediate cities on the route.   
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Figure 5.69 – TRE schedule 
 

In order to capture the variable passenger loading throughout the workday, the TRE model 
assumes peak rush hour trains are fully loaded both directions and off-peak midday trains are 
partially loaded in both directions.  The fully loaded trains are assumed to be operating from 
6:10-8:27 AM and 3:47-5:45 PM in the eastbound direction and from 6:19-9:15 AM and 3:50-
5:50 PM in the westbound direction.   
 
Track data entered into RAILSIM was taken from track charts obtained from TRE.  In the TRE 
model, the program looks for the following parameters: 
 

•  grade 
•  curvature 
•  speed limits 
•  station platforms 
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The grade and curvature information is used in the calculation to determine the train forces due 
to the track profile acting upon the train that resist (or assist if going downgrade) the pulling 
force of the locomotive.  The speed limits and station platforms are external parameters that 
initiate coasting or braking. The program uses the milepost, or “chainage” for locating the start 
and end of each grade, curve, speed limit, and platform.  Chainage is a surveying term that 
breaks down distances from a source into 100’s of feet (or meters depending upon the units) and 
refers to the horizontal distance if viewed from an overhead perspective.  Track charts are 
typically indexed using chainage.  Entering the data into the program involves systematically 
identifying the chainage value of the start and end location of each parameter and putting it into 
the text file format required by the program. Figure 5.68 is from the actual track charts provided 
by TRE and shows the information needed for the track profile data entry.  The elevation section 
of the track chart was used to calculate the grades; rise over run data taken from the chart was 
converted into grade and entered into RAILSIM.   
  

 
Figure 5.70  – Sample TRE track diagram 

  
Rolling stock information is the third component required for the train performance calculation.  
Information on rolling stock is combined with the track profile data for the force calculations 
acting on the train.  The information includes: 
 

•  Tractive effort (computed from the smaller of either a wheel-to-rail adhesion limit or 
from the locomotive horsepower modified by an efficiency factor)  
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•  Braking effort 
•  Number of vehicles and axles per vehicle 
•  Train weight (variable depending upon peak passenger load versus midday off-peak 

loads, includes the locomotive weight) 
•  Hotel power demand from the trailing passenger cars 
•  Auxiliary power demand from the locomotive diesel engine parasitic loads 
•  Diesel fuel conversion factor (used to calculate fuel burned per unit of work performed) 

 
RAILSIM has in its library of vehicles both the EMD F59-PHI and the trailing coaches used by 
TRE which greatly facilitates the modeling.  This information includes tractive effort curves, 
dynamic braking curves, frontal surface areas, weights, passenger seats, hotel power loads, 
auxiliary loads, braking parameters, and other data to refine the calculation.  The typical train 
consist of one locomotive, three bi-level coaches, and one cab-car was modeled to establish the 
base case performance and fuel consumption of trains #2904 and #2905. Although RAILSIM has 
features to calculate regenerative energy into an overhead wire for electric locomotives, it wasn’t 
able to calculate regenerative energy using a diesel locomotive with SR traction motor 
technology.  In order to model this feature, the RAILSIM output was converted to Microsoft 
Excel and extra columns were added to stop the accumulation of diesel fuel consumed during 
dynamic braking events.  In addition, the power rating of the F59-PHI locomotive was reduced 
by 400 HP in the single-engine test case scenario to reflect shutting down of the hotel power 
engine and operating with just the traction engine during off-peak conditions.  In addition, 
RAILSIM allows for the selection of various passenger loads which impact train performance.  
Settings used in the model resulted in a peak train weight of 857,000 pounds and an off-peak 
train weight of 708,000 pounds.  Both train weights include the weight of the locomotive at 
268,000 pounds. 
 
With the data entry complete, RAILSIM is able to calculate train speeds, time between stations, 
and fuel consumed for the various scenarios modeling the TRE operation.  The following 
combinations of locomotive and passenger loads were modeled. 
 

•  Eastbound (Fort Worth to Dallas) peak – base case, 3200 HP 

•  Eastbound peak – test case (no fuel consumed in braking), 3200 HP 

•  Eastbound off peak – test case (no fuel consumed in braking, single engine operation), 
2800 HP 

•  Westbound (Dallas to Fort Worth) peak – base case, 3200 HP 

•  Westbound peak – test case (no fuel consumed in braking), 3200 HP 

•  Westbound off peak – test case (no fuel consumed in braking, single engine operation), 
2800 HP 

 
Modeling Results 
 
Using the RAILSIM program and performing additional calculations with its spreadsheet output, 
speed profiles versus distance, fuel consumption profiles versus distance, and speed profiles 
versus time were generated.  The speed and fuel consumption profiles are considered 
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performance charts, the speed versus time profiles are considered train schedule charts. The 
charts also show the station stops as valleys between the speed peaks as the train makes its run 
across the route. Upgrade and downgrade track conditions change the shape of the acceleration 
curve as the train exits the station.  Charts for the base case are presented in Figure 5.71.  
 
 

 
Figure 5.71 – Eastbound performance chart (base case) 
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Figure 5.72 – Westbound performance chart (base case) 

 
Figure 5.71 shows an evident grade which causes a distinct impact.  It is first evident in the 
change of slope in the acceleration curve as the train leaves the second station (Medical/Market) 
and climbs the 0.47% grade into Irving after it crosses the Elm Fork of the Trinity River.  The 
effect of the grade is noticeable again near the end of the run as the train hits the 1.07% grade 
into the ITC station at Fort Worth.  In this occasion, the grade pulls the train down from its 
maximum speed as the locomotive has insufficient power to maintain track speed on the hill.  
Note that the 1.07% grade coming into Fort Worth is the steepest grade on the route.  
 
The fuel consumption chart illustrates the effect of the overall elevation change between Dallas 
and Fort Worth.  At Fort Worth, the track is at 626 feet above sea level; at Dallas, it is 429 feet.  
The eastbound runs consume 65.7 gallons of fuel; the westbound runs consume 74.7 gallons.  
The extra nine gallons of diesel fuel represent 1) the approximate energy required to raise the 
857,000-pound train 197 feet and 2) the approximate energy released as the train coasts down the 
grade.  Although there is a hill in the middle of the route, the fuel consumed on the upgrade is 
offset by the fuel saved on the downgrade (basically an exchange of potential energy for kinetic 
energy). 
 
Railroads use the distance versus time chart to plan traffic schedules over their routes.  These 
diagrams are commonly known as train charts.  Figure 5.72 is a train chart for TRE trains #2904 
and #2905, created by the RAILSIM program.  The station stops are the horizontal lines in the 
chart.    
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Figure 5.72 – train charts for trains #2904 and #2905 

  
The chart is displayed to address the issue regarding schedule times of the lower-powered test 
case scenario in which some of the traction engine power is used to power the hotel loads in the 
trailing coaches during the off-peak runs.  This scenario allows the hotel power engine to be shut 
down, saving fuel and maintenance costs.  The idea is that the loss of engine power to the 
coach’s hotel loads will be mitigated by the lighter train weights from fewer passengers during 
off-peak times.  Simulations were run for the two scenarios in both directions and schedule times 
were evaluated in Figure 5.72.  From the figure, it is evident that the test case train operates close 
to the base case schedule. 
 
Table 5.8 lists the arrival times calculated by RAILSIM for the eastbound train #2904 and the 
westbound train #2905 in both the test and base case.  The locomotive used in the test case 
scenario diverted 400 HP of the 3200 HP F59-PHI diesel engine for hotel power generation 
allowing the hotel power engine to be shut down.  In the base case, RAILSIM used the standard 
F59-PHI scenario where the 3200 HP traction engine is only a traction engine and not capable of 
providing hotel power.  In this scenario, the hotel power is provided by the 840 HP hotel power 
engine.  (Note that the hotel power engine is conservatively sized.  The four trailing coaches only 
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require approximately 400 HP in hotel power during maximum load conditions.)  The passenger 
coaches are lightly loaded with passengers in the test case; they are fully loaded in the base case. 
 
Table 5.8 – arrival times, trains 2904 & 2905 (single engine test case vs. base case) 

Station Test  (#2904) Base (#2904)  Test (#2905) Base (#2905) 

T&P Station (Ft. Worth) depart depart  7:14:29 7:14:34 

ITC 6:11:30 6:11:34  7:09:41 7:09:49 

Richland Hills  6:21:33 6:21:41  7:00:00 7:00:08 

Hurst/Bell 6:28:06 6:28:14  6:53:19 6:53:27 

DFW/Centre Point 6:35:26 6:35:41  6:45:48 6:45:56 

West Irving 6:40:53 6:41:01  6:40:06 6:40:12 

South Irving 6:47:02 6:47:10  6:36:04 6:34:19 

Medical Market 6:55:39 6:55:46  6:26:18 6:26:26 

Victory 7:00:18 7:00:25  6:21:03 6:21:03 

Dallas Union Station 7:03:24 7:03:37  depart depart 

 
 
As can be seen in Table 5.8, the lower-powered test case actually arrives in the stations 5 – 15 
seconds ahead of the base case.  This is due to the heavier train that the higher-powered base 
case locomotive needs to accelerate.  At some point an off-peak train’s passenger load could 
become sufficient that it is necessary to start the hotel power engine.  To bracket the extremes, 
another 2800 HP test case simulation was performed with the same fully-loaded passenger count 
as the base case.   
 
As expected, the 2800 HP test peak case lags behind the 3200 HP base case.  The worst point in 
the schedule with the 2800 HP test peak case occurs with the arrival at Centrepoint/DFW on the 
eastbound run.  The train arrives at the station 16 seconds behind the fully-powered base train.  
The test train loses much of this time when it hits the 0.37% grade east of Richland Hills.  At this 
point it is still accelerating from the station and it enters the grade at 45 mph.  It loses time as it 
tries to accelerate while going upgrade.  It can’t make up time at the Hurst/Bell Station as it 
arrives 35 seconds before the scheduled departure time.  It leaves the station late, but as soon as 
possible, taking into account the 60 second dwell time.  There aren’t any significant upgrades 
east of Hurst/Bell Station and the train loses only a few more seconds against the base case as it 
heads towards Centrepoint/DFW.  However, the time differential opens up between the two train 
due to the late departure from Hurst/Bell.  At Centrepoint/DFW there is sufficient dwell time to 
allow the test train to catch up with the base case train and both trains depart on time.  Figure 
5.73  illustrates this below: 
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Figure 5.73 – train chart illustrating schedule loss of 2800 HP peak train 

 
As these two examples indicate, the performance of operating the SR locomotive with the hotel 
power engine shut down is more than acceptable with a light passenger load, but becomes 
unacceptable with a heavy passenger load.  TRE will have to evaluate at what passenger count it 
can tolerate the increased schedule time before starting the hotel power engine. 
 
Fuel consumption 
RAILSIM calculates fuel consumption by accumulating the work done (force times distance) by 
the tractive effort of the locomotive, converting it to energy, using the standard energy density of 
fuel, the traction system efficiency (i.e. – gearing, motor, and alternator losses), and the diesel 
engine efficiency (shown in Table 5.7).   
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Table 5.9 – Calculated fuel consumption 

Description Base (EMD F59-PHI) 
gallons consumed 

Test (3200 HP SR) 
gallons consumed 

Test (2800 HP SR) 
gallons consumed 

Eastbound Peak 65.72 62.11 60.88 

Westbound Peak 74.67 71.17 70.21 

Total Peak 140.39 133.28 131.09 

    

Eastbound Off-peak 62.44 59.38 58.32 

Westbound Off-peak 69.63 66.66 66.13 

Total Off-peak 132.07 126.04 124.45 

 
Switched Reluctance Conclusions 
 
As a result of this switched reluctance research and modeling, the authors have determoined that 
there are two potential sources of savings with the using this technology which are possible 
without any significant impact on the railroad operations.   
 
 Fuel savings 

The microprocessors controlling the poles of the SR device can easily switch between a 
motoring mode and a generating mode.  This capability gives the locomotive a great deal of 
flexibility in maximizing use of the energy it extracts from the diesel fuel.  In the modeling, 
the locomotive powered all of its parasitic loads as well as the hotel loads of the trailing 
coaches with the kinetic energy of the train whenever it needed to stop or the potential energy 
of the train whenever maintaining a speed on a downgrade.  During these events, the model 
stopped accumulating fuel consumption for the parasitic loads and the hotel power.  This 
resulted in fuel savings over the course of a run between Dallas and Fort Worth.  The 
switching of energy sources from the diesel engines has no impact on the performance of the 
train, either in acceleration times or stopping distances.  The transfer occurs only during 
braking events; the brake performance isn’t changed as the SR system extracts the maximum 
amount of power from the train as the traction motors will allow.  (In a hard deceleration, a 
significant component of the braking effort comes from the use of the train’s pneumatic 
brakes on each of the coaches.  The locomotive’s dynamic brake is blended with the train’s 
pneumatic brake for maximum brake performance.) 
 
 Maintenance savings 

After analyzing the potential features of SR technology in locomotive applications, it became 
apparent that it was technically possible to shut down the hotel power engine and have the 
main traction engine produce power for the coach hotel loads as well as for traction. Shutting 
down the hotel power engine generates savings in maintenance costs for TRE.  Engine 
manufacturers typically quote engine lifecycle costs as a function of hours operated at a 
given load.  This figure includes routine items such as oil changes, filter maintenance, and 
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periodic maintenance as well as repairs and overhauls.  If the locomotive can operate with the 
hotel power engine shut down, then this maintenance cost is reduced over the operation of 
the locomotive. The modeling allowed for an assessment of the impact on TRE’s schedule 
operating the locomotive with an engine shut down.  The impact may be negligible if the 
traction requirements were less with lightly loaded trains.  Through discussions with TRE it 
was determined that out of the 44 trains operated each weekday, 29 of these trains departing 
between 6:00 AM and 9:30 AM and between 3:30 PM and 7:30 PM are considered peak-
demand trains with a heavy passenger load.  The remaining 15 weekday trains and 20 
Saturday trains are off-peak trains with a lighter passenger demand and more flexible 
schedule.  Performing the simulations of various passenger loads and engine scenarios 
indicated that a very lightly loaded train with only the traction engine operating may actually 
accelerate faster than a fully loaded train with both engines running.  On the other hand, a 
heavy passenger train operating with only the traction engine would lag behind the full-
power train 15 – 30 seconds through some parts of the route.  At some stations, the dwell 
time would allow this time to be made up.  At other stations, the train would arrive and 
depart late.  Given these results, it is feasible that TRE could operate in the single-engine 
mode during off-peak times without any significant impact to its operation.  

 
Switched Reluctance technology business case analysis 
The business case analysis of TRE operations assessed the impact of application of SR 
technology on two variables: the consumption of diesel fuel during locomotive operations and 
the cost to maintain the diesel driven head-end electric power (HEP) units. TRE operates 47 
trains per day on weekdays and 11 trains per day on weekends. On the weekdays 8 of these trains 
are partial runs.  For simplification purposes we modeled operations excluding these partial runs.  
The model assumes 11,284 trains per year, composed of 5,200 peak trains and 6,084 off-peak 
trains, each running the full 33.8 miles of the segment. The fuel consumption analysis is based 
upon the following values.  These values were initially calculated through the rolling stock 
simulations in RAILSIM and validated through comparison (for the base case) to the actual fuel 
consumption experience of TRE.  
 
 

Base Case 
• Eastbound Peak Trips: 65.72 gallons per trip/ 136,698 gallons per year 
• Eastbound Off-Peak Trips: 62.44 gallons per trip/ 198,060 gallons per year 
• Westbound Peak Trips: 74.67 gallons per trip/ 232,970 gallons per year 
• Westbound Off-Peak Trips: 69.63 gallons per trip/ 202,763 gallons per year 

Total Gallons: 770,490 gallons consumed per year 
 
 
Test Case 

• Eastbound Peak Trips: 62.11 gallons per trip/ 129,189 gallons per year 
• Eastbound Off-Peak Trips: 58.32 gallons per trip/ 184,991 gallons per year 
• Westbound Peak Trips: 71.17 gallons per trip/ 222,050 gallons per year 
• Westbound Off-Peak Trips: 66.13 gallons per trip/ 192.571 gallons per year 

Total Gallons: 728,801 gallons consumed per year 
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TRE purchases its fuel at a bulk rate of $2.35 cents per gallon. Using this value the following 
annual savings in fuel expenditure is projected to be achieved between the two cases.  
$1,810,652 - $1,712,682 = $97,970 
 
This cost represents a 5.4% savings over the base case.  
 
 

 
Figure 5.74 - Comparative projection of TRE fuel costs 

 
 
Hotel power maintenance costs 
 
The maintenance cost of the hotel power engine was established to be $0.25 per mile. This figure 
is based on lifecycle costs quoted by engine manufacturers and includes a provision for idling 
time in stations and turn-around time between trains.  At 35 miles per trip, the one-way, per-train 
maintenance cost of the hotel power engine is $8.75.  Applying these costs to the operation 
results in the following:  
 

Base Case - 11,284 trains/year X $8.75 per train hotel power maintenance cost = $98,735  
 
Test Case - 5,200 peak trains/year X $8.75 per train maintenance cost = $45,000 

 
Accordingly, the annual savings in maintenance expenditure is projected to be achieved between 
the two cases, or approximately, $98,735 - $45,000 = $53,235, thus, a 54% savings in hotel 
power engine maintenance costs over the base case. 
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Figure 5.75 - Comparative projection of TRE hotel power engine maintenance costs 

 
TRE calculates its total maintenance costs at $3.00 for locomotives per train mile and $0.78 for 
coaches per train mile.  For a standard four coach TRE train the cost of $6.12 multiplied by the 
modeled 381,399 train miles is $2,334,163.  Accordingly the reduction of $53,235 in costs 
results in a 2.3% reduction in overall rolling stock maintenance costs. 
 
Total cost savings 
 
The following chart aggregates the cost savings described above.  
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Figure 5.76 - Comparative projection of scenario aggregated costs 

 
 
For a commuter operation such as TRE the projected savings of $151,205 per year is a 
significant amount. This is an amount sufficient, for example, to cover the cost of a full time 
professional employee. This is also a conservative estimate since the model excludes several 
partial trips per day as well as the fuel consumed by the hotel power engine in idle.  
 
Conclusions 
 
The conclusions one can draw from this research effort can be categorized into two different 
groups.  The first regards direct observations and the potential advantage of adapting SR 
technology to rail applications.  The second regards additional research phases that could 
facilitate even greater energy, cost, and environmental benefits realized by advancements in 
technologies.   
 
The implementation of SR drive technology for railroad power applications has different types 
and levels of benefits depending upon the scenario.  

• For railroad grinding operations the energy efficiency benefits for traction power are 
minimal and energy consumption for grinding operations is not a major concern for 
operators.  However SR motors may offer benefits for use in grinding arrays in terms of 
resistance to contamination and heat and corresponding longer lives and reduced 
maintenance expenses.  
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• For heavy rail transit applications the energy efficiency benefits for traction and HEP are 
minimal.  Heavy rail transit EMU’s typically are powered by third rail or catenary and 
regenerate energy into the grid.  

• Freight rail transport holds the potential for some energy efficiency benefits from the 
application of SR technology to motive power in the form of marginal fuel savings.  

• Commuter rail transport is the most promising application for energy efficiency 
improvements to be gained from implementation of SR technology.  Besides relatively 
significant fuel savings for motive power, a modified arrangement of the hotel power and 
the electrical bus should enable operational changes that will reduce use of the separate 
hotel power engine.  This would benefits in the form of maintenance cost savings specific 
to that component.  

 
In order to advance this concept, the following additional steps are listed below. 
 

1. Initiation of basic design and cost engineering for locomotive modifications.  

2. Calculation of the potential for additional maintenance cost savings due to reduced 
maintenance requirements for the SR technology compared to the traditional 
technology. 

3. Calculation of the potential longer lifespan of the SR technology components 
compared to traditional technology. 

4. Planning, scheduling, regulatory due diligence, and cost estimating for pilot 
implementation. 

 
Next phase research 
Through the study of energy consumption in rail applications, this research project revealed 
potential for savings significant enough to warrant further investigation.  These improvements 
aren’t necessarily a function of SR technology; however, they are directly related to 
advancements in power electronics and energy storage.   
 

 Commuter locomotive power management 
Advancements in locomotive power electronics have made the “gen-set” locomotive 
possible.  The concept behind the gen-set locomotive involves the tuning of the 
power output of the locomotive to the particular traction demand on the locomotive.  
Since power is the product of force times speed, moving a large freight train at slow 
speeds doesn’t require a significant amount of power.  The power is necessary only 
as the train speed increases.  The gen-set locomotive addresses this by automatically 
starting one, two, or three smaller engines depending upon the speed and tractive 
effort required of the train.  When the train is going slow, only one engine is 
operating.  When the train needs to accelerate and one engine is not sufficient, it 
starts up the others in sequence. This concept has been quite successful with the 
railroads; not so much for fuel savings but for exhaust emission reduction. The 
railroads have been able to make substantial improvements, meeting emission 
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reduction attainment goals in numerous metropolitan regions throughout the United 
States.   
 
In essence, the single engine/dual engine approach for the commuter locomotive 
proposed in this research paper duplicates this concept.  It tunes the power output of 
the locomotive to the tractive effort demand; however, the demand varies with 
passenger count instead of train speed.  Since the two engines share traction and 
hotel power demands, the power output is adjustable to the demand.  The single 
engine/dual engine approach could be adapted to an AC traction commuter 
locomotive as well an SR locomotive.  There exists more technological difficulty 
with the traction alternator in an AC traction locomotive, so driving the auxiliary 
loads as in the SR locomotive may not be feasible.  However, use of a common bus 
and a 600 VDC to 480 VAC inverter is entirely possible with today’s power 
electronics.  Future research should examine this concept in more detail. 
 

 Energy storage 
Despite using the kinetic or potential energy in the train for parasitic and hotel power 
loads, most of the energy is dissipated from the locomotive in the form of heat 
vented from the dynamic brake resistance grids.  There is far more energy in the 
train than what can be absorbed by powering these loads.  The commuter application 
has the advantage over a freight application as it has the trailing coaches for power 
sinks and it also make frequent station stops.  If it was possible to store the energy 
rather than dissipate it, significant savings would result.  Both the freight and 
commuter application could see huge reductions in energy consumption, benefitting 
the environment in less carbon footprint and reduced exhaust emissions. The nature 
of the rail application is attractive for energy storage solutions and there are 
numerous pilot projects throughout the world studying it.  Many of these deal with 
electrified operations such as subways or electrified railroads and the use of massive 
storage batteries.  Research into a smaller, lighter trainborne energy storage solution 
could help make evaluate if non-electrified systems could benefit as well.  
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5.8 - Task 5 Milestones 
  

 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Quarter 1 Quarter 2 Quarter 3 Quarter 4 Quarter 5 Quarter 6 Quarter 7 Quarter 8

Literature review 
Collection of duty cycle and analysis duty cycle 
Development of a computer code to evaluate battery energy 
storage manage
Identify state-of-the at batteries
Complete feasibility analysis of a battery storage system for 
a locomotive engineswith different battery types and 
characteristics

Fabrication of a battery test facility
Calibration of sensor and test equipment; development of 
computer data  acquisition system
Battery discharging  test with C-rates and different ambient 
temperature
Battery charging and discharging test with different load 
cycle and C-Rates
Battery charging and discharging test with different load 
cycle  and testing different types of battery

Literature review of battery types, materials,  mathematical 
model
Development of one-dimensional electrochemical model
Development thermal model
Two-dimensional electrochemical and heat model for battery 
simulation and analysis
Development of three-dimensional model and evaluation of 
stack design and evaluation of cooling methods using CFD

Data Collection on the current use and development of SR 
motors and controlers

SR Motor Locomotive Application Specifications
SR Comparative Analysis Scenario Development
SR Modeling 
Development of SR Conclusions and Potential Applications

5.2  Development of Experimental Test Facility for Battery

5.1  Feasibility Analysis of Battery Energy Storage 

5.3 Simulation Analysis of Battery

5.4  T he use of Switched Reluctance Technology i n the Railroad Industry
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